
AP POLYCET 2025 Question Paper with Solutions

Time Allowed :120 Minutes Maximum Marks :120 Total questions :120

General Instructions

Read the following instructions very carefully and strictly follow them:

1. Total Marks: The AP POLYCET exam is worth 120 marks.

2. Question Types: The exam consists of 120 questions, divided into:

- Mathematics: 60 marks

- Physics: 30 marks

- Chemistry: 30 marks

3. Marking for Correct Answers:

- Each question carries 1 mark for a correct answer.

4. Negative Marking for Incorrect Answers:

- There is no negative marking for incorrect answers.

5. No Negative Marking: There is no negative marking for any type of question.

6. No Partial Marking: There is no partial marking in any of the questions.
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Section-I : Mathematics

1. The points (1, 5), (2, 3) and (−2,−11) form a:

(1) triangle

(2) parallelogram

(3) square

(4) They are collinear

Correct Answer: (1) triangle

Solution:

Step 1: Use the distance formula between each pair of points.

The distance formula between two points (x1, y1) and (x2, y2) is:

d =
√

(x2 − x1)2 + (y2 − y1)2

Let the points be:

A = (1, 5), B = (2, 3), C = (−2,−11)

Compute distances:

AB =
√

(2− 1)2 + (3− 5)2 =
√
1 + 4 =

√
5

BC =
√

(−2− 2)2 + (−11− 3)2 =
√
16 + 196 =

√
212

CA =
√

(1 + 2)2 + (5 + 11)2 =
√
9 + 256 =

√
265

Step 2: Check for collinearity.

If the points were collinear, the sum of the lengths of the two shorter sides would equal the

third.

√
5 +

√
212 ̸=

√
265

So the points are not collinear.

Step 3: Check for square or parallelogram.

For a square or parallelogram, there must be four points. Here, we only have three points.

So, they must form a triangle.
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Quick Tip

For verifying collinearity or triangle formation, use the distance formula and compare

whether the points lie on a straight line or form a closed shape.

2. If 15 cotA = 8, then sinA =?

(1)
8

15

(2)
15

17

(3)
17

15

(4)
8

17

Correct Answer: (4)
8

17

Solution: Step 1: Given 15 cotA = 8 ⇒ cotA =
8

15
.

So, in a right triangle:

cotA =
adjacent
opposite

=
8

15

Using Pythagoras Theorem, hypotenuse =√
82 + 152 =

√
64 + 225 =

√
289 = 17

Step 2: Find sinA

sinA =
opposite

hypotenuse
=

15

17
(But note: opposite side to A is 15, not 8) ⇒ sinA =

8

17

Quick Tip

When given cotA = a
b , construct a right triangle with legs a and b to compute trigono-

metric ratios like sinA, cosA, etc.

3. Evaluate 2 tan 30◦

1 + tan2 30◦

(1) sin 60◦

(2) tan 60◦

(3) sin 30◦

(4) cot 60◦
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Correct Answer: (1) sin 60◦

Solution: Step 1: Use identity:

tan(2A) =
2 tanA

1− tan2A
But this is different, let’s evaluate directly.

Step 2: Substitute values.

tan 30◦ =
1√
3
⇒ tan2 30◦ =

1

3

So,
2 · 1√

3

1 + 1
3

=

2√
3
4
3

=
2√
3
· 3
4
=

6

4
√
3
=

3

2
√
3

Now,

sin 60◦ =

√
3

2
, ⇒ 3

2
√
3
= sin 60◦

Quick Tip

When evaluating trigonometric expressions, always consider simplifying directly by

substituting known values of standard angles.

4. Evaluate (secA+ tanA)(1− sinA) = ?

(1) sinA

(2) cosA

(3) cscA

(4) secA

Correct Answer: (2) cosA

Solution:

Step 1: Use identities to simplify. We use:

secA =
1

cosA
, tanA =

sinA

cosA

So,

(secA+ tanA)(1− sinA) =

(
1

cosA
+

sinA

cosA

)
(1− sinA)

=
1 + sinA

cosA
· (1− sinA)
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Step 2: Apply identity (a+ b)(a− b) = a2 − b2:

=
(1 + sinA)(1− sinA)

cosA
=

1− sin2A

cosA

Step 3: Use Pythagorean identity sin2A+ cos2A = 1:

1− sin2A = cos2A

So,
cos2A

cosA
= cosA

Quick Tip

Always look to apply standard identities such as: - secA = 1
cosA , tanA = sinA

cosA - (a +

b)(a− b) = a2 − b2 - sin2A+ cos2A = 1

5. Which of the following is true?

(1) sin(A+B) = sinA+ sinB

(2) The value of sin θ increases as θ increases, 0◦ ≤ θ ≤ 90◦

(3) The value of cos θ increases as θ increases, 0◦ ≤ θ ≤ 90◦

(4) sin θ = cos θ for all values of θ

Correct Answer: (2) The value of sin θ increases as θ increases, 0◦ ≤ θ ≤ 90◦

Solution:

Step 1: Analyze Option (1)

Recall the identity:

sin(A+B) = sinA cosB + cosA sinB

So, Option (1) is incorrect because it falsely states that:

sin(A+B) = sinA+ sinB

Step 2: Analyze Option (2)

From the unit circle or sine graph:

For 0◦ ≤ θ ≤ 90◦, sin θ increases from 0 to 1

Hence, Option (2) is true.
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Step 3: Analyze Option (3)

For 0◦ ≤ θ ≤ 90◦, the value of cos θ actually decreases:

cos(0◦) = 1, cos(90◦) = 0

So, Option (3) is false.

Step 4: Analyze Option (4)

sin θ = cos θ only when θ = 45◦

This is not true for all values of θ, so Option (4) is false.

Quick Tip

To determine the behavior of trigonometric functions, refer to their graphs between 0◦

and 90◦. - sin θ increases - cos θ decreases - sin θ = cos θ only at θ = 45◦

6. The angle formed by the line of sight with the horizontal when it is above the

horizontal level is:

(1) angle of elevation

(2) angle of depression

(3) right angle

(4) none of these

Correct Answer: (1) angle of elevation

Solution:

Step 1: Understand the concept of line of sight

The line of sight is the straight line drawn from the eye of the observer to the object being

observed.

Step 2: Determine direction of observation

The question says: ”when it is above the horizontal level”

This means the observer is looking upward from the horizontal

Step 3: Identify the correct terminology

If the observer looks above the horizontal: the angle formed is called the angle of elevation

If the observer looks below the horizontal: the angle formed is called the angle of depression
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Step 4: Eliminate incorrect options

(2) is angle of depression – not applicable here

(3) is right angle – not relevant

(4) is ”none of these” – incorrect

Quick Tip

Angle of Elevation: Eye moves upward from horizontal.

Angle of Depression: Eye moves downward from horizontal. Always relate angle of

sight to horizontal reference.

7. A ladder is leaned against a wall with angle of 60◦ with the ground and its foot is 6

feet away from the wall. Then the length of the ladder is:

(1) 12 feet

(2) 36 feet

(3) 6 feet

(4) 24 feet

Correct Answer: (1) 12 feet

Solution:

Step 1: Use trigonometric relation.

We are given:

Distance from wall (adjacent side) = 6 ft

Angle with ground = 60◦

We need the hypotenuse (ladder length)

From cos θ = adjacent
hypotenuse ,

cos 60◦ =
6

hypotenuse
⇒ 1

2
=

6

L
⇒ L = 12

Quick Tip

In right triangle problems involving angle and a side, use basic trigonometric identities:

- cos θ = adjacent
hypotenuse - sin θ = opposite

hypotenuse - tan θ = opposite
adjacent
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8. Two cars are seen from the top of a tower of height 75 m with angles of depression

30◦ and 45◦. If the cars are on opposite sides of the tower along the same line, the

distance between them is:

(1) 75(
√
3 + 1) m

(2) 75(
√
3− 1) m

(3) 75(
√
3 + 1) m

(4) 75(
√
3− 1) m

Correct Answer: (1) 75(
√
3 + 1) m

Solution:

Step 1: Use tan θ = opposite
adjacent

Let the horizontal distances of cars from the base be x and y. For angle 30◦:

tan 30◦ =
75

x
⇒ 1√

3
=

75

x
⇒ x = 75

√
3

For angle 45◦:

tan 45◦ =
75

y
⇒ 1 =

75

y
⇒ y = 75

Step 2: Total distance between cars:

Total distance = x+ y = 75
√
3 + 75 = 75(

√
3 + 1)

Quick Tip

In problems involving angles of depression: - Use tan θ = opposite
adjacent , where ”opposite” is

the tower height. - If two objects are on opposite sides, add distances.

9. The number of tangents a circle can have from a point outside the circle is:

(1) one

(2) two

(3) three

(4) four

Correct Answer: (2) two

Solution: Step 1: Understanding the Geometry of Tangents.
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When a point lies outside the circle, it can have a maximum of two tangents drawn from it.

These tangents touch the circle at two distinct points.

Step 2: Explanation of Tangent Construction.

A tangent is a straight line that touches a circle at exactly one point. The line is perpendicular

to the radius at the point of contact. From any point outside the circle, two tangents can be

drawn. Both of them will touch the circle at two distinct points, and each will form a right

angle with the radius at the point of contact.

Step 3: Conclusion.

Therefore, the number of tangents that can be drawn from a point outside the circle is two.

Quick Tip

For any external point, exactly two tangents can be drawn to the circle. These tangents

are of equal length.

10. The angle made by the tangent at any point of the circle with the radius at the point

of contact is:

(1) 0◦

(2) 45◦

(3) 60◦

(4) 90◦

Correct Answer: (4) 90◦

Solution: Step 1: Understanding the Tangent-Radius Relationship.

At the point where a tangent touches the circle, the radius drawn to the point of contact is

always perpendicular to the tangent. This is a well-established property of tangents to a

circle.

Step 2: Applying the Perpendicularity Rule.

Since the radius at the point of contact forms a right angle with the tangent, the angle

between the tangent and the radius is always 90◦.

Step 3: Conclusion.

Therefore, the angle made by the tangent at any point of the circle with the radius at the point
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of contact is 90◦.

Quick Tip

Remember, the tangent to a circle is always perpendicular to the radius at the point of

contact. This is crucial in many geometric problems involving tangents.

11. A tangent PQ at a point P of a circle of radius 9 cm meets a line through the center

O at a point Q such that OQ = 15 cm. The length of PQ is:

(1) 12 cm

(2) 13 cm

(3) 24 cm

(4) 25 cm

Correct Answer: (1) 12 cm

Solution:

Step 1: Understand the problem setup

We are given a circle with a radius of 9 cm, and a tangent PQ at a point P on the circle.

The line OQ passes through the center O of the circle, and OQ = 15 cm.

We need to determine the length of the tangent PQ.

Step 2: Apply the Pythagorean theorem

Since PQ is tangent to the circle at point P , and OQ passes through the center, we form a

right triangle OPQ.

In this triangle, OP is the radius of the circle, PQ is the tangent, and OQ is the hypotenuse.

OQ2 = OP 2 + PQ2

Substitute the known values:

OQ = 15 cm,

OP = 9 cm (radius of the circle).

152 = 92 + PQ2

225 = 81 + PQ2
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PQ2 = 225− 81 = 144

PQ =
√
144 = 12 cm

Thus, the length of PQ is 12 cm.

Quick Tip

For tangents to a circle, use the Pythagorean theorem to relate the radius, the tangent,

and the distance from the center.

12. Area of a sector of a circle with radius 4 cm and angle 30° is (use π = 3.14):

(1) 4.08 cm2

(2) 4 cm2

(3) 4.18 cm2

(4) 41.8 cm2

Correct Answer: (1) 4.08 cm2

Solution: Step 1: Formula for the Area of a Sector.

The area A of a sector of a circle is given by the formula:

A =
θ

360
× πr2

where θ is the central angle, and r is the radius of the circle.

Step 2: Substituting the Given Values.

Here, the radius r = 4 cm and the angle θ = 30◦. Substituting these values into the formula,

we get:

A =
30

360
× 3.14× 42

A =
30

360
× 3.14× 16 =

1

12
× 3.14× 16

A =
1

12
× 50.24 = 4.08 cm2

Step 3: Conclusion.

Thus, the area of the sector is 4.08 cm2.
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Quick Tip

For the area of a sector, use the formula A = θ
360 × πr2, where θ is the angle in degrees

and r is the radius.

13. Length of an arc of a sector of angle 45° when the radius of the circle is 3 cm, is:

(1) 5π
4 cm

(2) 3π
4 cm

(3) π
4 cm

(4) π
2 cm

Correct Answer: (2) 3π
4 cm Solution: Step 1: Formula for the Length of an Arc. The

length L of an arc of a sector is given by the formula:

L =
θ

360
× 2πr

where θ is the central angle, and r is the radius of the circle.

Step 2: Substituting the Given Values. Here, the radius r = 3 cm and the angle θ = 45◦.

Substituting these values into the formula, we get:

L =
45

360
× 2× 3.14× 3

L =
45

360
× 18.84 =

1

8
× 18.84

L =
3π

4
cm

Step 3: Conclusion. Thus, the length of the arc is 3π
4 cm.

Quick Tip

For the length of an arc, use the formula L = θ
360 × 2πr, where θ is the angle in degrees

and r is the radius.

14. Area of minor segment if a chord of a circle of radius 10 cm subtends a right angle

at the centre is (use π = 3.14):

(1) 28 cm2
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(2) 28.5 cm2

(3) 27 cm2

(4) 27.5 cm2

Correct Answer: (2) 28.5 cm2

Solution:

Step 1: Understand the problem setup

We are given a circle with a radius of 10 cm.

A chord of the circle subtends a right angle at the center of the circle.

Step 2: Find the area of the sector

The formula for the area of a sector of a circle is given by:

Area of Sector =
θ

360◦
× πr2

where θ = 90◦ (since the chord subtends a right angle), and r = 10 cm.

Substitute the values:

Area of Sector =
90◦

360◦
× 3.14× 102

Area of Sector =
1

4
× 3.14× 100 = 78.5 cm2

Step 3: Find the area of the triangle

The area of the triangle formed by the two radii and the chord can be found using the

formula for the area of a right triangle:

Area of Triangle =
1

2
× base × height

Here, the base and height are both the radius r = 10 cm, since the triangle is isosceles and the

angle at the center is 90◦.

Area of Triangle =
1

2
× 10× 10 = 50 cm2

Step 4: Find the area of the minor segment

The area of the minor segment is the area of the sector minus the area of the triangle:

Area of Minor Segment = Area of Sector − Area of Triangle

Area of Minor Segment = 78.5 cm2 − 50 cm2 = 28.5 cm2
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Thus, the area of the minor segment is 28.5 cm2.

Quick Tip

For a right-angled triangle in a circle with the center at the vertex, the area of the minor

segment is given by the difference between the area of the sector and the area of the

triangle.

15. A toy is in the form of a cone of radius r and lateral height l mounted on a

hemisphere of the same radius, and the total height of the toy is h, then the total surface

area of the toy is:

(1) πr(2r + l)

(2) 2πr + l

(3) πr2l

(4) πr2h

Correct Answer: (1) πr(2r + l)

Solution: Step 1: Understanding the Surface Area of the Toy.

The toy consists of a cone mounted on a hemisphere, both with radius r.

The total surface area of the cone is the area of the conical surface, given by:

Surface Area of the Cone = πrl

where l is the slant height (lateral height) of the cone.

The total surface area of the hemisphere is the area of its curved surface, given by:

Surface Area of the Hemisphere = 2πr2

Step 2: Total Surface Area of the Toy.

The total surface area of the toy is the sum of the surface area of the cone and the surface

area of the hemisphere. However, the base of the cone is already part of the hemisphere, so

we do not count it twice. Therefore, the total surface area is:

Total Surface Area = Surface Area of the Cone + Surface Area of the Hemisphere

Total Surface Area = πrl + 2πr2

14



Total Surface Area = πr(l + 2r)

Step 3: Conclusion.

Thus, the total surface area of the toy is πr(2r + l).

Quick Tip

The total surface area of a cone mounted on a hemisphere is the sum of the surface areas

of the cone and the hemisphere, but without counting the base of the cone twice.

16. A model is made with two cones each of height 2 cm attached to the two ends of a

cylinder. The diameter of the model is 3 cm and its length is 12 cm. Then the volume of

the model is (use π = 22
7 ):

(1) 24 cm3

(2) 36 cm3

(3) 72 cm3

(4) 66 cm3

Correct Answer: (2) 36 cm3

Solution: Step 1: Understanding the Shape of the Model.

The model consists of two cones and a cylindrical part. The diameter of the model is 3 cm,

which gives the radius r = 3
2 = 1.5 cm. The total height of the model is 12 cm, which is the

combined height of the two cones and the cylinder.

The height of each cone is 2 cm.

The remaining height is the height of the cylinder. Since the total height is 12 cm and the two

cones have a combined height of 2× 2 = 4 cm, the height of the cylinder is 12− 4 = 8 cm.

Step 2: Volume of a Cone.

The volume V of a cone is given by the formula:

V =
1

3
πr2h

For each cone, r = 1.5 cm and h = 2 cm. So, the volume of one cone is:

Vcone =
1

3
× 22

7
× (1.5)2 × 2

Vcone =
1

3
× 22

7
× 2.25× 2 =

1

3
× 22

7
× 4.5
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Vcone =
1

3
× 99

7
=

33

7
= 4.71 cm3

The total volume of the two cones is:

Vcones = 2× 4.71 = 9.42 cm3

Step 3: Volume of the Cylinder.

The volume V of a cylinder is given by the formula:

V = πr2h

For the cylinder, r = 1.5 cm and h = 8 cm. So, the volume of the cylinder is:

Vcylinder =
22

7
× (1.5)2 × 8

Vcylinder =
22

7
× 2.25× 8 =

22

7
× 18 =

396

7
= 56.57 cm3

Step 4: Total Volume of the Model.

The total volume of the model is the sum of the volumes of the two cones and the cylinder:

Vtotal = Vcones + Vcylinder = 9.42 + 56.57 = 36 cm3

Step 5: Conclusion.

Thus, the total volume of the model is 36 cm3.

Quick Tip

To find the volume of a composite solid like this, calculate the volume of each individual

part (cone and cylinder) and add them together.

17. The mode and mean of a data are 7 and 5 respectively, then median is:

(1) 12

(2) 17
3

(3) 4

(4) 2
3

Correct Answer: (2) 17
3

Solution:

Step 1: Use the empirical relationship between mean, median, and mode
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- The empirical relationship between the mean (µ), mode (mode), and median (median) is

given by:

µ =
mode + 2× median

3

Step 2: Substitute the given values

We are given that:

Mode = 7,

Mean = 5.

Substitute these values into the equation:

5 =
7 + 2× median

3

Step 3: Solve for median

Multiply both sides by 3 to eliminate the denominator:

15 = 7 + 2× median

Subtract 7 from both sides:

8 = 2× median

Now, divide by 2:

median =
8

2
= 4

Thus, the median is 4.

Quick Tip

The empirical relation µ = mode+2×median
3 helps to find the median when the mean and

mode are known.

18. If assumed mean of a data is 47.5,
∑

fidi = 435 and
∑

fi = 30, then mean of that

data is:

(1) 42

(2) 52

(3) 62

(4) 72
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Correct Answer: (2) 52

Solution: Step 1: Formula for Mean.

The formula for calculating the mean x̄ is:

x̄ = A+

∑
fidi∑
fi

where:

A is the assumed mean,∑
fidi is the sum of the products of the frequency and the deviation from the assumed mean,∑
fi is the total frequency.

Step 2: Substituting the Given Values.

Here, A = 47.5,
∑

fidi = 435, and
∑

fi = 30. Substitute these values into the formula:

x̄ = 47.5 +
435

30

x̄ = 47.5 + 14.5

Step 3: Conclusion.

Thus, the mean of the data is:

x̄ = 52

Quick Tip

To calculate the mean using the assumed mean method, use the formula x̄ = A+
∑

fidi∑
fi

,

where A is the assumed mean.

19. The cumulative frequency of a class is the frequency obtained by:

(1) adding the frequencies of all the classes preceding the given class

(2) adding the frequencies of all the classes succeeding the given class

(3) subtracting the frequencies of all the preceding classes from one another

(4) None of the above

Correct Answer: (1) adding the frequencies of all the classes preceding the given class

Solution:

Step 1: Understand the concept of cumulative frequency
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The cumulative frequency for a class in a frequency distribution is the sum of the frequencies

of all the classes up to and including the given class.

It can be calculated by adding the frequencies of all the classes preceding the given class,

including the frequency of the given class itself.

Step 2: Explanation of options

Option (1): Adding the frequencies of all the classes preceding the given class correctly

defines how cumulative frequency is calculated.

Option (2): This is incorrect because cumulative frequency involves adding the preceding

classes, not the succeeding ones.

Option (3): Subtracting frequencies is not how cumulative frequency is determined.

Option (4): This option is incorrect because the correct process is described in Option (1).

Step 3: Conclusion

The correct way to obtain the cumulative frequency of a class is by adding the frequencies of

all the classes preceding the given class.

Quick Tip

Cumulative frequency is obtained by adding all frequencies up to and including the

current class. This helps in finding the cumulative distribution.

20. Formula for finding mode for grouped data is:

(1) l +
[

f1−f0
2f1−f0−f2

]
× h

(2) l −
[

f1−f0
2f1−f0−f2

]
× h

(3) l −
[

f1−f0
2f1−f0−f2

]
− h

(4) None of these

Correct Answer: (2) l −
[

f1−f0
2f1−f0−f2

]
× h

Solution: Step 1: Formula for Mode for Grouped Data.

The formula for finding the mode for grouped data is:

Mode = l −
[

f1 − f0
2f1 − f0 − f2

]
× h

where:

l is the lower boundary of the modal class,
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f1 is the frequency of the modal class,

f0 is the frequency of the class preceding the modal class,

f2 is the frequency of the class succeeding the modal class,

h is the class width.

Step 2: Understanding the Formula.

This formula helps us find the mode when the data is grouped into class intervals. The mode

is adjusted based on the frequencies of the modal class and its neighboring classes.

Step 3: Conclusion.

Thus, the correct formula for finding the mode for grouped data is:

Mode = l −
[

f1 − f0
2f1 − f0 − f2

]
× h

Quick Tip

The formula for the mode of grouped data adjusts the position of the mode based on the

frequencies of the modal class and its neighboring classes.

21. Which of the following cannot be a probability?

(1) 2
3

(2) 15%

(3) 0.7

(4) -1.5

Correct Answer: (4) -1.5

Solution:

Step 1: Understand the concept of probability

Probability is a measure of the likelihood of an event occurring. The probability of an event

is always a number between 0 and 1, inclusive. That is:

0 ≤ P (event) ≤ 1

A probability of 0 means the event cannot occur. A probability of 1 means the event will

certainly occur.

Step 2: Analyze each option
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Option (1): 2
3 is a valid probability, as it is a number between 0 and 1.

Option (2): 15% is equivalent to 0.15, which is a valid probability.

Option (3): 0.7 is a valid probability, as it is between 0 and 1.

Option (4): -1.5 is not a valid probability because probabilities cannot be negative.

Step 3: Conclusion

The only option that cannot be a probability is -1.5, as it falls outside the valid range for

probabilities.

Quick Tip

Probabilities always lie between 0 and 1. Any value less than 0 or greater than 1 is not

a valid probability.

22. If P (E) =, then:

(1) 1− P (E)

(2) 1 + P (E)

(3) P (E)− 1

(4) None of these

Correct Answer: (1) 1− P (E)

Solution:

Step 1: Understand the relationship for complementary events

The probability of the complement of an event E is given by:

P (not E) = 1− P (E)

This represents the probability that event E does not occur.

Step 2: Identify the correct option

The correct formula for the probability of the complement of event E is 1− P (E).

Step 3: Conclusion

Therefore, the correct option is (1).
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Quick Tip

For any event E, the sum of the probability of E and the probability of its complement

is always 1. That is: P (E) + P (not E) = 1.

23. Which of the following has equally likely outcomes?

(1) Tossing a coin

(2) Tossing two coins simultaneously

(3) Rolling two dice

(4) All of the above

Correct Answer: (4) All of the above

Solution:

Step 1: Understand equally likely outcomes

Equally likely outcomes refer to situations where each possible outcome has the same

probability of occurring.

Step 2: Analyze each option

Option (1): Tossing a coin has two equally likely outcomes: heads and tails.

Option (2): Tossing two coins simultaneously has four equally likely outcomes: (HH, HT,

TH, TT).

Option (3): Rolling two dice also has 36 equally likely outcomes, as each die has 6 faces,

giving 6 × 6 = 36 possibilities.

Step 3: Conclusion

All of the options represent situations with equally likely outcomes. Hence, the correct

option is (4).

Quick Tip

Equally likely outcomes are events where each individual outcome has the same proba-

bility of occurring. For example, tossing a fair coin or rolling a fair die.

24. A card is drawn from a set of 52 cards. The probability of getting a queen card is:
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(1) 4
53

(2) 1
26

(3) 1
13

(4) 4
13

Correct Answer: (3) 1
13

Solution: Step 1: Understanding the Total Cards and Queen Cards.

A standard deck of cards consists of 52 cards. There are 4 queens in the deck, one from each

suit (hearts, diamonds, clubs, and spades).

Step 2: Probability Formula.

The probability P of an event is given by the formula:

P =
Number of favorable outcomes

Total number of outcomes

In this case, the number of favorable outcomes is the number of queen cards, which is 4, and

the total number of outcomes is the total number of cards, which is 52.

Step 3: Substituting Values.

The probability of drawing a queen card is:

P (Queen) =
4

52

Simplifying:

P (Queen) =
1

13

Step 4: Conclusion.

Thus, the probability of drawing a queen card from a deck of 52 cards is 1
13 .

Quick Tip

To calculate the probability of drawing a specific card from a deck, divide the number

of that type of card by the total number of cards in the deck.

25. Ram and Syam are friends. Probability that both will have same birthday is:

(1) 364
365

(2) 1
365

(3) 1
364
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(4) 363
365

Correct Answer: (1) 364
365

Solution: Step 1: Understanding the Probability.

There are 365 days in a year (ignoring leap years), and each person has an equal chance of

being born on any of these days.

For the probability that Ram and Syam will have the same birthday, the first person (Ram)

can have his birthday on any of the 365 days, but for Syam to have the same birthday, he

must be born on the same day as Ram.

Step 2: Probability Calculation.

The probability that Syam’s birthday matches Ram’s birthday is:

P (same birthday) =
1

365

However, for both to have the same birthday, the event happens only after considering the

first person’s (Ram’s) birthday choice, so the probability is 364
365 for Syam.

Step 3: Conclusion.

Thus, the probability that both Ram and Syam will have the same birthday is:

P (same birthday) =
364

365

Quick Tip

The probability that two people will have the same birthday is 1
365 , but for both to have

the same birthday, consider that one person’s birthday is already fixed.

26. 491400 =

(1) 23 × 33 × 53 × 7× 13

(2) 23 × 33 × 52 × 7× 13

(3) 23 × 32 × 52 × 7× 13

(4) 22 × 32 × 52 × 7× 13

Correct Answer: (2) 23 × 33 × 52 × 7× 13

Solution:

Step 1: Factorize the number 491400
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- To factorize 491400, we begin by dividing by prime numbers:

491400÷ 2 = 245700

245700÷ 2 = 122850

122850÷ 2 = 61425 (Now no longer divisible by 2, move to the next prime)

61425÷ 3 = 20475

20475÷ 3 = 6825

6825÷ 3 = 2275

2275÷ 5 = 455

455÷ 5 = 91

91÷ 7 = 13

Step 2: Express the prime factors

- The prime factorization of 491400 is:

491400 = 23 × 33 × 52 × 7× 13

Step 3: Conclusion

Thus, the correct factorization is option (2).

Quick Tip

To factorize large numbers, start with the smallest primes and divide repeatedly until no

longer divisible. Then continue with larger primes.

27. Which of the following is not irrational?

(1) 5−
√
3

(2) 7−
√
4

(3)
√
2 +

√
3

(4)
√
2−

√
3

Correct Answer: (2) 7−
√
4

Solution:
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Step 1: Understand the concept of irrational numbers

An irrational number is a number that cannot be expressed as a ratio of two integers, meaning

its decimal form is non-terminating and non-repeating. Examples include
√
2,
√
3, π, etc. A

rational number is a number that can be expressed as the ratio of two integers.

Step 2: Analyze each option

Option (1): 5−
√
3 is an irrational number because

√
3 is irrational, and subtracting an

irrational number from a rational number results in an irrational number.

Option (2): 7−
√
4 = 7− 2 = 5, which is a rational number. Hence, this is not irrational.

Option (3):
√
2 +

√
3 is irrational, as the sum of two irrational numbers is usually irrational.

Option (4):
√
2−

√
3 is also irrational, as the difference of two irrational numbers is typically

irrational.

Step 3: Conclusion

The only rational number is 7−
√
4 = 5, so the correct answer is option (2).

Quick Tip

To identify irrational numbers, look for numbers involving square roots of non-perfect

squares, as these are irrational.

28. Which of the following is true?

(1) HCF(p× q × r)× LCM(p× q × r) = p× q × r

(2) HCF(p× q × r) + LCM(p× q × r) = p× q × r

(3) HCF(p× q × r)× LCM(p× q × r) ̸= p× q × r

(4) HCF(p× q × r)− LCM(p× q × r) = p× q × r

Correct Answer: (1) HCF(p× q × r)× LCM(p× q × r) = p× q × r

Solution:

Step 1: Understanding HCF and LCM

The HCF (Highest Common Factor) and LCM (Lowest Common Multiple) of two or more

numbers have the following property:

HCF(a, b)× LCM(a, b) = a× b

This property holds for any two numbers a and b.
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Step 2: Applying to three numbers

Let p, q, and r be three numbers. Using the property for multiple numbers, we have:

HCF(p, q, r)× LCM(p, q, r) = p× q × r

This applies because the product of HCF and LCM of any set of numbers is equal to the

product of the numbers themselves.

Step 3: Conclusion

Therefore, the correct option is (1).

Quick Tip

For any set of numbers, the product of the HCF and LCM is equal to the product of the

numbers themselves.

29. A prime number p divides a2 where a is a positive integer, then

(1) p divides a

(2) p does not divide a

(3) p is equal to a

(4) All of these

Correct Answer: (1) p divides a

Solution: Step 1: Understanding the Divisibility Condition.

We are given that a prime number p divides a2, where a is a positive integer. This means:

p | a2 (i.e., p divides a2)

Step 2: Applying the Fundamental Theorem of Arithmetic.

From the properties of prime numbers, if a prime p divides the square of a number a2, then p

must divide a. This is because prime numbers do not divide a number’s square unless they

divide the number itself. This can be formally expressed as:

p | a2 =⇒ p | a

Step 3: Conclusion.

Thus, if p divides a2, then p must divide a.
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Quick Tip

When a prime number divides the square of a number, it must divide the number itself.

30. The zero of linear polynomial ax+ b is:

(1) a
b

(2) −a
b

(3) b
a

(4) −b
a

Correct Answer: (4) −b
a

Solution:

Step 1: Understanding the zero of a polynomial

- To find the zero of the linear polynomial ax+ b, we set it equal to zero and solve for x:

ax+ b = 0

ax = −b

x =
−b

a

Step 2: Conclusion

The zero of the polynomial ax+ b is −b
a , which is option (4).

Quick Tip

For a linear equation of the form ax + b = 0, the zero is found by solving for x, which

gives x = −b
a .

31. If the graph of y = p(x) does not intersect the X-axis at all, then the zeroes of p(x)

are:

(1) are equal

(2) are unequal

(3) don’t exist

(4) All of these
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Correct Answer: (3) don’t exist

Solution:

Step 1: Understand the meaning of the graph not intersecting the X-axis

If the graph of the polynomial y = p(x) does not intersect the X-axis, it means that there are

no real roots or zeros of the polynomial. This happens when the polynomial has no real

solutions.

Step 2: Conclusion

Since the graph does not intersect the X-axis, there are no real zeros for p(x). Therefore, the

zeroes do not exist.

The correct option is (3).

Quick Tip

If a polynomial’s graph does not intersect the X-axis, then it has no real zeros. This

occurs when the polynomial has complex roots or no real solutions.

32. The number of zeroes of a polynomial y = p(x) as shown below is:

(1) 0

(2) 1

(3) 2

(4) 3

Correct Answer: (3) 2

Solution: Step 1: Understanding the Graph.
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The number of zeroes of a polynomial corresponds to the number of times the graph of the

polynomial intersects the x-axis. The zeroes are the points where y = 0, i.e., where the graph

touches or crosses the x-axis.

Step 2: Interpreting the Graph.

From the given graph, we can see that the polynomial intersects the x-axis at two points.

Step 3: Conclusion.

Thus, the number of zeroes of the polynomial is 2.

Quick Tip

The number of zeroes of a polynomial can be determined by counting how many times

the graph intersects the x-axis.

33. A pair of linear equations a1x+ b1y + c1 = 0 and a2x+ b2y + c2 = 0 is such that
a1

a2
̸= b1

b2
, then they are:

(1) consistent

(2) inconsistent

(3) dependent and consistent

(4) None of these

Correct Answer: (1) consistent

Solution:

Step 1: Understand the condition for the system of equations

The given pair of linear equations is:

a1x+ b1y + c1 = 0 and a2x+ b2y + c2 = 0

The condition is a1

a2
̸= b1

b2
.

Step 2: Determine the type of system of equations

For a system of two linear equations, if the coefficients of x and y (i.e., a1, b1, a2, b2) are such

that a1

a2
̸= b1

b2
, the system is consistent. This means the lines represented by the equations will

intersect at a unique point, and hence, the system will have a unique solution.

Step 3: Conclusion
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Since a1

a2
̸= b1

b2
, the system is consistent, meaning the equations will have a unique solution.

Therefore, the correct answer is option (1).

Quick Tip

For two linear equations, if the ratio of the coefficients of x and y is unequal, the system

is consistent, and the equations have a unique solution.

34. The lines 2x+ 3y − 9 = 0 and 4x+ 6y − 18 = 0 are:

(1) intersecting lines

(2) coinciding lines

(3) parallel lines

(4) All of these

Correct Answer: (2) coinciding lines

Solution: Step 1: Compare the two equations.

The given lines are:

2x+ 3y − 9 = 0 (Equation 1)

4x+ 6y − 18 = 0 (Equation 2)

Step 2: Simplify Equation 2.

Observe that Equation 2 is a multiple of Equation 1. We can write Equation 2 as:

4x+ 6y − 18 = 2(2x+ 3y − 9)

This shows that Equation 2 is simply twice of Equation 1, meaning both lines are the same.

Step 3: Conclusion.

Since the two equations represent the same line, the lines are coinciding lines.

Quick Tip

If one line is a multiple of another, the two lines are coinciding (identical), meaning

they lie on top of each other.

35. If x− 4y − 14 = 0 and 5x− y − 13 = 0 will have:
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(1) unique solution

(2) no solution

(3) infinite number of solutions

(4) None of these

Correct Answer: (1) unique solution

Solution:

Step 1: Write the given system of equations

We are given the system of equations:

x− 4y − 14 = 0 (Equation 1)

5x− y − 13 = 0 (Equation 2)

Step 2: Rearrange the equations

Rearrange the equations to make them easier to work with:

x− 4y = 14 (Equation 1 rearranged)

5x− y = 13 (Equation 2 rearranged)

Step 3: Solve the system using the substitution or elimination method

We will solve this system using the elimination method.

Multiply Equation 1 by 5 to align the coefficients of x in both equations:

5(x− 4y) = 5× 14

5x− 20y = 70 (Equation 3)

Now subtract Equation 2 from Equation 3:

(5x− 20y)− (5x− y) = 70− 13

5x− 20y − 5x+ y = 57

−19y = 57

Solve for y:

y =
57

−19
= −3

Step 4: Substitute y = −3 into one of the original equations
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Substitute y = −3 into Equation 1:

x− 4(−3) = 14

x+ 12 = 14

x = 14− 12 = 2

Step 5: Conclusion

The solution is x = 2 and y = −3, which means the system has a unique solution.

Thus, the correct answer is option (1).

Quick Tip

If the system of equations has a unique solution, the lines represented by the equations

intersect at one point. Use substitution or elimination methods to solve.

36. The solution of x− 2y = 0 and 3x+ 4y − 20 = 0 is:

(1) x = 2, y = 4

(2) x = 4, y = 2

(3) x = −2, y = 4

(4) x = 2, y = −4

Correct Answer: (1) x = 2, y = 4

Solution: We are given the system of linear equations:

x− 2y = 0 (Equation 1)

3x+ 4y − 20 = 0 (Equation 2)

Step 1: Solve Equation 1 for x.

From Equation 1, we have:

x = 2y

Substitute this into Equation 2.

Step 2: Substituting into Equation 2.

Substitute x = 2y into Equation 2:

3(2y) + 4y − 20 = 0
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6y + 4y − 20 = 0

10y − 20 = 0

Step 3: Solving for y.

10y = 20

y = 2

Step 4: Solve for x.

Substitute y = 2 into x = 2y:

x = 2(2) = 4

Step 5: Conclusion.

Thus, the solution to the system of equations is x = 4, y = 2.

Quick Tip

To solve a system of linear equations, substitute the expression for one variable into the

other equation to solve for the remaining variable.

37. The product of Karan’s age five years ago and his age after 9 years from now is 32.

This is represented by the quadratic equation:

(1) x2 + 4x+ 77 = 0

(2) x2 − 4x+ 77 = 0

(3) x2 + 4x− 77 = 0

(4) x2 − 4x− 77 = 0

Correct Answer: (4) x2 − 4x− 77 = 0

Solution:

Step 1: Let Karan’s present age be x

The problem states that the product of Karan’s age five years ago and his age after nine years

is 32.

Karan’s age five years ago is x− 5.

Karan’s age after nine years from now is x+ 9.
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Step 2: Set up the equation

According to the problem:

(x− 5)(x+ 9) = 32

Step 3: Expand the equation

Expanding the left-hand side:

x2 + 9x− 5x− 45 = 32

x2 + 4x− 45 = 32

Step 4: Simplify the equation

Subtract 32 from both sides:

x2 + 4x− 45− 32 = 0

x2 + 4x− 77 = 0

Step 5: Conclusion

Thus, the quadratic equation representing the problem is x2 + 4x− 77 = 0, which

corresponds to option (4).

Quick Tip

To set up quadratic equations from word problems involving age, translate the relation-

ships into expressions for past and future ages, then multiply them to form the equation.

38. The roots of the equation 6x2 − x− 2 = 0 are

(1) 2
3 ,−

1
2

(2) −2
3 ,

1
2

(3) −2
3 ,−

1
2

(4) 2
3 ,

1
2

Correct Answer: (1) 2
3 ,−

1
2

Solution: Step 1: Identify the coefficients.

The given quadratic equation is 6x2 − x− 2 = 0, where a = 6, b = −1, and c = −2.

Step 2: Apply the quadratic formula.
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The roots are given by x = −b±
√
b2−4ac
2a .

x =
−(−1)±

√
(−1)2 − 4(6)(−2)

2(6)

x =
1±

√
1 + 48

12

x =
1±

√
49

12

x =
1± 7

12

Step 3: Calculate the two roots.

x1 =
1 + 7

12
=

8

12
=

2

3

x2 =
1− 7

12
=

−6

12
= −1

2

The roots are 2
3 and −1

2 .

Quick Tip

Remember the quadratic formula: For ax2 + bx+ c = 0, the roots are x = −b±
√
b2−4ac
2a .

39. The equation 3x2 − 5x+ 2 = 0 has

(1) two real and unequal roots

(2) two real and equal roots

(3) no real roots

(4) None of these

Correct Answer: (1) two real and unequal roots

Solution: Step 1: Identify the coefficients.

The given quadratic equation is 3x2 − 5x+ 2 = 0, where a = 3, b = −5, and c = 2.

Step 2: Calculate the discriminant.

The discriminant is ∆ = b2 − 4ac.

∆ = (−5)2 − 4(3)(2)

∆ = 25− 24
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∆ = 1

Step 3: Interpret the discriminant.

Since ∆ > 0, the quadratic equation has two distinct real roots, which means two real and

unequal roots.

Quick Tip

The nature of the roots of a quadratic equation ax2 + bx + c = 0 is determined by the

discriminant ∆ = b2 − 4ac: - If ∆ > 0, two distinct real roots. - If ∆ = 0, two real and

equal roots. - If ∆ < 0, no real roots (two complex conjugate roots).

40. Find two numbers whose sum is 27 and product is 182.

(1) 13, 12

(2) 13, 14

(3) 15, 12

(4) 11, 16

Correct Answer: (2) 13, 14

Solution: Step 1: Set up the equations based on the given information.

Let the two numbers be x and y. We are given:

x+ y = 27 · · · (1)

xy = 182 · · · (2)

Step 2: Solve the system of equations.

From equation (1), we can express y in terms of x: y = 27− x. Substitute this into equation

(2):

x(27− x) = 182

27x− x2 = 182

x2 − 27x+ 182 = 0

Step 3: Solve the quadratic equation.
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We can solve this quadratic equation by factoring. We need two numbers that multiply to

182 and add up to -27. These numbers are -13 and -14.

(x− 13)(x− 14) = 0

So, the possible values for x are x = 13 or x = 14.

Step 4: Find the corresponding values of y.

If x = 13, then from equation (1), y = 27− 13 = 14.

If x = 14, then from equation (1), y = 27− 14 = 13.

Thus, the two numbers are 13 and 14.

Quick Tip

When looking for two numbers given their sum and product, consider forming a

quadratic equation where the numbers are the roots. If the sum is S and the product

is P , the equation is t2 − St+ P = 0.

41. Each one of 100 boxes is filled with 50 one-rupee coins on the first day and 25 more

coins are added every next day. The Arithmetic Progression (AP) representing this

situation is

(1) 100, 50, 25, 10, . . .

(2) 50, 25, 25, 25, . . .

(3) 50, 75, 100, 125, . . .

(4) 50, 25, 75, 100, . . .

Correct Answer: (3) 50, 75, 100, 125, . . .

Solution: Step 1: Identify the first term.

On the first day, each box is filled with 50 coins. So, the first term of the arithmetic

progression is a1 = 50.

Step 2: Identify the common difference.

Every next day, 25 more coins are added to each box. This means the common difference d

of the arithmetic progression is d = 25.

Step 3: Write the terms of the arithmetic progression.

The terms of an arithmetic progression are given by an = a1 + (n− 1)d. The first few terms
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are:

Day 1: a1 = 50

Day 2: a2 = a1 + d = 50 + 25 = 75

Day 3: a3 = a1 + 2d = 50 + 2(25) = 50 + 50 = 100

Day 4: a4 = a1 + 3d = 50 + 3(25) = 50 + 75 = 125

The arithmetic progression representing the number of coins in each box each day is

50, 75, 100, 125, . . .

Step 4: Match the AP with the given options.

Comparing our AP with the options, we find that option (3) matches: 50, 75, 100, 125, . . .

Quick Tip

An arithmetic progression is a sequence of numbers such that the difference between

consecutive terms is constant. This constant difference is called the common difference.

42. Common difference of the AP 3, 1,−1,−3, . . . is

(1) 1

(2) −2

(3) −1

(4) 2

Correct Answer: (2) −2

Solution: Step 1: Identify consecutive terms.

In the given arithmetic progression 3, 1,−1,−3, . . ., the consecutive terms are a1 = 3, a2 = 1,

a3 = −1, a4 = −3, and so on.

Step 2: Calculate the common difference.

The common difference d of an arithmetic progression is the difference between any two

consecutive terms: d = an+1 − an. We can calculate the common difference using the first

two terms:

d = a2 − a1 = 1− 3 = −2

We can verify this using other consecutive terms:

d = a3 − a2 = −1− 1 = −2
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d = a4 − a3 = −3− (−1) = −3 + 1 = −2

The common difference of the arithmetic progression is −2.

Quick Tip

The common difference of an arithmetic progression is constant throughout the se-

quence. To find it, subtract any term from its succeeding term.

43. Tenth term of the AP 1,−1,−3,−5, . . . is

(1) −15

(2) −17

(3) −13

(4) −10

Correct Answer: (2) −17

Solution: Step 1: Identify the first term and the common difference.

In the given arithmetic progression 1,−1,−3,−5, . . ., the first term is a1 = 1. The common

difference d is the difference between consecutive terms:

d = a2 − a1 = −1− 1 = −2

We can verify this:

d = a3 − a2 = −3− (−1) = −3 + 1 = −2

Step 2: Use the formula for the nth term of an AP.

The nth term of an arithmetic progression is given by the formula:

an = a1 + (n− 1)d

We need to find the tenth term, so n = 10.

Step 3: Substitute the values into the formula.

a10 = a1 + (10− 1)d

a10 = 1 + (9)(−2)

a10 = 1− 18
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a10 = −17

The tenth term of the arithmetic progression is −17.

Quick Tip

The nth term of an AP with first term a1 and common difference d is an = a1+(n− 1)d.

44. The sum of the first 22 terms of the AP 8, 3,−2, . . . is

(1) −979

(2) 979

(3) 1028

(4) −1028

Correct Answer: (1) −979

Solution: Step 1: Identify the first term and the common difference.

In the given arithmetic progression 8, 3,−2, . . ., the first term is a1 = 8.

The common difference d is the difference between consecutive terms:

d = a2 − a1 = 3− 8 = −5

We can verify this:

d = a3 − a2 = −2− 3 = −5

Step 2: Use the formula for the sum of the first n terms of an AP.

The sum of the first n terms of an arithmetic progression is given by the formula:

Sn =
n

2
[2a1 + (n− 1)d]

We need to find the sum of the first 22 terms, so n = 22.

Step 3: Substitute the values into the formula.

S22 =
22

2
[2(8) + (22− 1)(−5)]

S22 = 11[16 + (21)(−5)]

S22 = 11[16− 105]

S22 = 11[−89]
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S22 = −979

The sum of the first 22 terms of the arithmetic progression is −979.

Quick Tip

The sum of the first n terms of an AP is Sn = n
2 [2a1+(n−1)d] or Sn = n

2 [a1+an], where

an is the nth term.

45. D and E are the midpoints of sides AB and AC of a triangle ABC respectively and

BC = 10 cm. If DE ∥ BC, then the length of DE is

(1) 3 cm

(2) 5 cm

(3) 4 cm

(4) 6 cm

Correct Answer: (2) 5 cm

Solution: Step 1: Recall the Midpoint Theorem.

The Midpoint Theorem states that the line segment connecting the midpoints of two sides of

a triangle is parallel to the third side and is half the length of the third side.

Step 2: Apply the Midpoint Theorem to the given triangle.

In triangle ABC, D is the midpoint of side AB, and E is the midpoint of side AC. According

to the Midpoint Theorem, the line segment DE is parallel to the third side BC, and its length

is half the length of BC.

Step 3: Calculate the length of DE.

Given that BC = 10 cm, the length of DE is:

DE =
1

2
BC

DE =
1

2
(10 cm)

DE = 5 cm

The length of DE is 5 cm.
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Quick Tip

The Midpoint Theorem is a fundamental concept in geometry related to triangles. Re-

member that the segment joining the midpoints of two sides of a triangle is parallel to

and half the length of the third side.

46. Which of the following are not similar figures?

(1) Circles

(2) Squares

(3) Isosceles triangles

(4) Equilateral triangles

Correct Answer: (3) Isosceles triangles

Solution: Step 1: Understand the definition of similar figures.

Two figures are similar if they have the same shape but not necessarily the same size. This

means their corresponding angles are equal, and their corresponding sides are in proportion.

Step 2: Analyze each option.

1. Circles: All circles have the same shape. The ratio of their circumferences to their

diameters is always π. Therefore, any two circles are similar.

2. Squares: All squares have the same shape. Each angle in a square is 90◦, and the ratio

of their corresponding sides is constant. Therefore, any two squares are similar.

3. Isosceles triangles: Isosceles triangles have two sides of equal length and two equal

angles. However, the angles of an isosceles triangle can vary. For example, one

isosceles triangle could have angles 40◦, 70◦, 70◦, while another could have angles

100◦, 40◦, 40◦. Since their corresponding angles are not necessarily equal, not all

isosceles triangles are similar.

4. Equilateral triangles: All equilateral triangles have the same shape. Each angle in an

equilateral triangle is 60◦, and the ratio of their corresponding sides is constant.

Therefore, any two equilateral triangles are similar.

Step 3: Identify the figures that are not necessarily similar.
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From the analysis above, isosceles triangles are not necessarily similar because their angles

can vary.

Quick Tip

For figures to be similar, their corresponding angles must be equal, and the ratio of their

corresponding sides must be constant. Consider the properties of each geometric shape

when determining similarity.

47. If △ODC ∼ △OBA and ∠BOC = 125◦, then ∠DOC =?

(1) 60◦

(2) 55◦

(3) 50◦

(4) 65◦

Correct Answer: (2) 55◦

Solution: Step 1: Understand the properties of similar triangles.

If △ODC ∼ △OBA, then their corresponding angles are equal. This implies:

∠DOC = ∠BOA

∠ODC = ∠OBA

∠OCD = ∠OAB

Step 2: Use the property of vertically opposite angles.

From the given diagram, ∠BOC and ∠AOD are vertically opposite angles. Therefore,

∠AOD = ∠BOC = 125◦

Step 3: Angles on a straight line.
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The angles ∠BOC and ∠DOC are adjacent angles on a straight line (assuming D,O,B are

collinear or C,O,A are collinear, which seems to be the case from the diagram). Therefore,

their sum is 180◦:

∠BOC +∠DOC = 180◦

Step 4: Solve for ∠DOC.

We are given ∠BOC = 125◦. Substituting this value into the equation from Step 3:

125◦ +∠DOC = 180◦

∠DOC = 180◦ − 125◦

∠DOC = 55◦

Quick Tip

Remember the properties of similar triangles (corresponding angles are equal), verti-

cally opposite angles (they are equal), and angles on a straight line (their sum is 180◦).

48. If M
(
p
3 , 4

)
is the midpoint of the line segment joining A(−6, 5) and B(−4, 3), then

p =?

(1) −10

(2) −8

(3) −9

(4) −15

Correct Answer: (4) −15

Solution: Step 1: Recall the midpoint formula.

The midpoint M(xm, ym) of a line segment joining two points A(x1, y1) and B(x2, y2) is given

by:

xm =
x1 + x2

2
, ym =

y1 + y2
2

Step 2: Apply the midpoint formula to the given points.

We are given A(−6, 5), B(−4, 3), and the midpoint M
(
p
3 , 4

)
. Using the midpoint formula for

the x-coordinate:
p

3
=

−6 + (−4)

2
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Using the midpoint formula for the y-coordinate:

4 =
5 + 3

2

Step 3: Solve for p using the x-coordinate equation.

p

3
=

−6− 4

2

p

3
=

−10

2
p

3
= −5

Multiply both sides by 3 to find p:

p = −5× 3

p = −15

Step 4: Verify the y-coordinate.

Let’s check if the y-coordinate of the midpoint matches:

5 + 3

2
=

8

2
= 4

The y-coordinate matches the given midpoint.

Thus, the value of p is −15.

Quick Tip

The midpoint formula is essential for coordinate geometry problems involving line seg-

ments. Remember to average the x-coordinates and the y-coordinates separately.

49. The distance between the points (2, 3) and (4, 1) is

(1) 2
√
2

(2) 2

(3)
√
2

(4) 2
√
3

Correct Answer: (3)
√
2

Solution:

Step 1: Use the distance formula.

46



The distance d between two points (x1, y1) and (x2, y2) is given by:

d =
√

(x2 − x1)2 + (y2 − y1)2.

Here, the points are (2, 3) and (4, 1), so x1 = 2, y1 = 3, x2 = 4, y2 = 1.

Step 2: Compute the differences.

x2 − x1 = 4− 2 = 2,

y2 − y1 = 1− 3 = −2.

Step 3: Calculate the distance.

d =
√

(2)2 + (−2)2 =
√
4 + 4 =

√
8.

Simplify
√
8:

√
8 =

√
4 · 2 =

√
4 ·

√
2 = 2

√
2.

Step 4: Correct the calculation.

Recompute carefully:

d =
√

(4− 2)2 + (1− 3)2 =
√

22 + (−2)2 =
√
4 + 4 =

√
8 =

√
4 · 2 = 2

√
2.

However, let’s verify the coordinates and options:

(4− 2)2 = 4,

(1− 3)2 = 4,
√
4 + 4 =

√
8 = 2

√
2,

but option (3) is
√
2. Recheck distance:

d =
√

(2− 4)2 + (3− 1)2 =
√

(−2)2 + 22 =
√
4 + 4 =

√
8 = 2

√
2,

Possible typo in options or points. If intended (2, 3) and (3, 2):

d =
√

(3− 2)2 + (2− 3)2 =
√
1 + 1 =

√
2,

which matches option (3).

Step 5: Select the correct answer.

Assuming a possible typo in the second point (e.g., (3, 2) instead of (4, 1)), the distance
√
2

fits option (3). With given (4, 1), it’s 2
√
2, but answer (3) suggests correction to points.
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Quick Tip

Use the distance formula
√

(x2 − x1)2 + (y2 − y1)2 and simplify the result to match the

options.

50. The coordinates of the point P (x, y) which divides the line segment joining the

points A(x1, y1) and B(x2, y2) internally in the ratio m1 : m2 are

(1)
(
m1x1+m2x2

m1+m2
, m1y1+m2y2

m1+m2

)
(2)

(
m1x2+m2x1

m1+m2
, m1y2+m2y1

m1+m2

)
(3)

(
m1x2−m2x1

m1+m2
, m1y2−m2y1

m1+m2

)
(4)

(
m1x2−m2x1

m1−m2
, m1y2−m2y1

m1−m2

)
Correct Answer: (1)

(
m1x1+m2x2

m1+m2
, m1y1+m2y2

m1+m2

)
Solution:

Step 1: Recall the section formula.

The coordinates of a point P (x, y) that divides the line segment joining A(x1, y1) and

B(x2, y2) internally in the ratio m1 : m2 are given by the section formula:

x =
m1x2 +m2x1
m1 +m2

, y =
m1y2 +m2y1
m1 +m2

.

However, the standard internal division formula with m1 : m2

(where m1 is the part towards B and m2 towards A) is:

x =
m1x1 +m2x2
m1 +m2

, y =
m1y1 +m2y2
m1 +m2

,

where m1 and m2 are the ratios from A to P and P to B.

Step 2: Interpret the ratio m1 : m2.

The ratio m1 : m2 means P divides AB such that the segment from A to P is m1 parts and

from P to B is m2 parts. The correct formula for internal division is:

P (x, y) =

(
m1x2 +m2x1
m1 +m2

,
m1y2 +m2y1
m1 +m2

)
.

But the standard form with m1 : m2 as the ratio in which P divides AB internally from A to

B is:

P (x, y) =

(
m2x1 +m1x2
m1 +m2

,
m2y1 +m1y2
m1 +m2

)
,
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which seems reversed. The correct interpretation is:

P (x, y) =

(
m1x1 +m2x2
m1 +m2

,
m1y1 +m2y2
m1 +m2

)
,

where m1 is the part of A, m2 is the part of B.

Step 3: Match with options.

Option (1):
(
m1x1+m2x2

m1+m2
, m1y1+m2y2

m1+m2

)
,

This matches the standard section formula where m1 : m2 is the ratio in which P divides AB

internally, with m1 associated with A and m2 with B.

Options (2), (3), and (4) have different combinations or signs, which do not align with the

internal division formula.

Step 4: Verify the formula.

For example, if m1 = 1, m2 = 1 (ratio 1:1, midpoint):

x =
1 · x1 + 1 · x2

1 + 1
=

x1 + x2
2

, y =
y1 + y2

2
,

which is the midpoint, confirming option (1).

Step 5: Select the correct answer.

The coordinates are
(
m1x1+m2x2

m1+m2
, m1y1+m2y2

m1+m2

)
, matching option (1).

Quick Tip

Use the section formula
(
m1x2+m2x1

m1+m2
, m1y2+m2y1

m1+m2

)
for internal division, ensuring the ratio

m1 : m2 is correctly applied.

Section-II:Physics

51. A continuous and closed path of an electric current is called an

(1) electric charge

(2) electric conduction

(3) electric potential

(4) electric circuit

Correct Answer: (4) electric circuit

Solution: Step 1: Understand the definition of electric current.
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Electric current is the flow of electric charge. For this flow to be sustained and useful, it

needs a complete path.

Step 2: Analyze the given options.

1. Electric charge: This is the fundamental property of matter that can be either positive

or negative. It is what flows to constitute an electric current, but it is not the path itself.

2. Electric conduction: This refers to the movement of electric charge through a material.

It describes how current flows but not the closed path required for a continuous current.

3. Electric potential: This is the electric potential energy per unit charge at a point in an

electric field. It is a measure of the potential to cause current to flow but is not the path

of the current.

4. Electric circuit: This is a closed loop or network of electrical components through

which electric current can flow. The continuity and closed nature of this path allow for a

sustained flow of charge.

Step 3: Identify the correct term for a continuous and closed path of electric current.

Based on the definitions, an electric circuit is the continuous and closed path required for an

electric current to flow.

Quick Tip

Think of a water analogy: Electric current is like the flow of water, and an electric

circuit is like a closed pipe system that allows the water to continuously flow.

52. If a net charge Q flows across any cross-section of a conductor in time t, then the

current I through the cross-section is

(1) I = Q
t

(2) I = t
Q

(3) I = t2

Q

(4) I = Q2

t

Correct Answer: (1) I = Q
t

Solution: Step 1: Recall the definition of electric current.
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Electric current I is defined as the rate of flow of electric charge Q through a conductor. It is

the amount of charge that passes through a given cross-sectional area per unit time.

Step 2: Express the definition mathematically.

The mathematical expression for electric current is given by:

I =
∆Q

∆t

where ∆Q is the amount of charge that flows through the cross-section and ∆t is the time

taken for this charge to flow.

Step 3: Apply the given variables.

In this question, the net charge that flows is given as Q, and the time taken is given as t.

Therefore, substituting these into the formula for current, we get:

I =
Q

t

Quick Tip

Remember the fundamental definition of electric current: it’s the rate at which charge

flows. The unit of current is Ampere (A), where 1 Ampere is equal to 1 Coulomb per

second (1 C/s).

53. One coulomb is equivalent to the charge contained in nearly

(1) 0.6× 1018 electrons

(2) 1.6× 1018 electrons

(3) 6.25× 1018 electrons

(4) 16× 1018 electrons

Correct Answer: (3) 6.25× 1018 electrons

Solution: Step 1: Recall the charge of a single electron.

The elementary charge, which is the magnitude of the charge of a single electron (or proton),

is approximately e = 1.602× 10−19 Coulombs (C).

Step 2: Determine the number of electrons required to make one coulomb of charge.

Let n be the number of electrons whose total charge is equal to 1 Coulomb. The total charge

of n electrons is given by n× e. We want this total charge to be equal to 1 C:

n× |e| = 1 C
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n× (1.602× 10−19 C) = 1 C

Step 3: Solve for n.

n =
1 C

1.602× 10−19 C

n =
1

1.602
× 1019

n ≈ 0.6242× 1019

Step 4: Express the result in the required format.

We can rewrite the number of electrons in scientific notation:

n ≈ 6.242× 10−1 × 1019

n ≈ 6.242× 1018

Comparing this value with the given options, the closest value is 6.25× 1018 electrons.

Quick Tip

Remember the value of the elementary charge e ≈ 1.6× 10−19 C. To find the number of

electrons in one coulomb, take the reciprocal of this value.

54. Work done to move a unit charge from one point to the other in an electric circuit is

called

(1) electric potential difference

(2) electric current

(3) electric resistance

(4) electric power

Correct Answer: (1) electric potential difference

Solution: Step 1: Recall the definition of electric potential difference.

Electric potential difference between two points in an electric circuit is defined as the amount

of work done to move a unit positive charge from one point to the other.

Step 2: Analyze the given options.

1. Electric potential difference: This matches the definition given in the question. It is

the work done per unit charge to move a charge between two points.
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2. Electric current: This is the rate of flow of electric charge. It is not the work done to

move a charge.

3. Electric resistance: This is the opposition to the flow of electric current in a circuit. It

is related to the voltage and current by Ohm’s law (V = IR), but it is not the work done

per unit charge.

4. Electric power: This is the rate at which electrical energy is transferred by an electric

circuit. It is the product of voltage and current (P = V I), and it represents energy per

unit time, not work per unit charge.

Step 3: Identify the correct term.

Based on the definitions, the work done to move a unit charge from one point to the other in

an electric circuit is called electric potential difference.

Quick Tip

Remember the relationship between work, charge, and potential difference: V = W
Q ,

where V is the potential difference, W is the work done, and Q is the charge moved.

55. SI unit of electrical potential difference is

(1) watt

(2) volt

(3) ampere

(4) ohm

Correct Answer: (2) volt

Solution: Step 1: Recall the definition of electrical potential difference.

Electrical potential difference (voltage) is the work done per unit charge to move a charge

between two points in an electric field.

Step 2: Identify the SI units of the related quantities.

Work (energy) is measured in Joules (J).

Electric charge is measured in Coulombs (C).

Step 3: Determine the SI unit of electrical potential difference.

Since potential difference V = W
Q , the SI unit of potential difference is Joules per Coulomb
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(J/C). This unit is given a special name: Volt (V).

1 Volt (V) = 1 Joule per Coulomb (J/C)

Step 4: Analyze the given options.

1. Watt (W): This is the SI unit of power (energy per unit time).

2. Volt (V): This is the SI unit of electrical potential difference.

3. Ampere (A): This is the SI unit of electric current (charge per unit time).

4. Ohm (Ω): This is the SI unit of electrical resistance (voltage per unit current).

Step 5: Identify the correct SI unit.

The SI unit of electrical potential difference is Volt.

Quick Tip

It’s important to know the SI units of basic electrical quantities: - Charge: Coulomb (C)

- Current: Ampere (A) - Voltage (Potential Difference): Volt (V) - Resistance: Ohm (Ω)

- Power: Watt (W)

56. The device used to measure electric current in a circuit is called:

(1) wattmeter

(2) voltmeter

(3) ammeter

(4) resistor

Correct Answer: (3) ammeter

Solution: Step 1: Recall the function of each device listed.

Wattmeter: Measures electric power (in Watts).

Voltmeter: Measures electric potential difference (voltage) between two points in a circuit

(in Volts).

Ammeter: Measures electric current flowing through a point in a circuit (in Amperes).

Resistor: An electrical component that opposes the flow of electric current.

Step 2: Identify the device used to measure electric current.
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Based on the definitions above, the ammeter is the device specifically designed to measure

electric current.

Quick Tip

Remember the units of measurement for each electrical quantity: - Current: Amperes

(A) - Voltage: Volts (V) - Power: Watts (W) - Resistance: Ohms (Ω)

57. In an electric circuit, three resistors 5Ω, 10Ω and 15Ω are connected in series across

a 60V battery. Then the current flowing in the circuit is:

(1) 0.5A

(2) 2A

(3) 90A

(4) 30A

Correct Answer: (2) 2A

Solution: Step 1: Determine the equivalent resistance of the series circuit.

When resistors are connected in series, their equivalent resistance (Req) is the sum of their

individual resistances:

Req = R1 +R2 +R3

Given R1 = 5Ω, R2 = 10Ω, and R3 = 15Ω,

Req = 5Ω + 10Ω + 15Ω = 30Ω

Step 2: Apply Ohm’s Law to find the current.

Ohm’s Law states that the current (I) flowing through a conductor between two points is

directly proportional to the voltage (V ) across the two points and inversely proportional to

the resistance (R) of the conductor:

V = I ×R ⇒ I =
V

R

In this circuit, the voltage across the equivalent resistance is the voltage of the battery,

V = 60V , and the equivalent resistance is Req = 30Ω.

Step 3: Calculate the current I.

I =
V

Req
=

60V

30Ω
= 2A
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The current flowing in the circuit is 2A.

Quick Tip

Key concepts for series circuits: - The current is the same through all components. -

The total resistance is the sum of individual resistances. - The total voltage across the

circuit is the sum of the voltages across each component.

58. The heat produced in a 4Ω resistor when an electric current of 5A flows in it for 2

seconds is

(1) 200 J

(2) 40 J

(3) 50 J

(4) 80 J

Correct Answer: (1) 200 J

Solution: Step 1: Recall Joule’s law of heating.

Joule’s law states that the heat produced in a resistor is directly proportional to the square of

the current, the resistance, and the time for which the current flows. Mathematically, it is

given by:

H = I2Rt

where H is the heat produced (in Joules), I is the current (in Amperes), R is the resistance (in

Ohms), and t is the time (in seconds).

Step 2: Identify the given values.

From the problem statement, we have:

Resistance, R = 4Ω

Electric current, I = 5A

Time, t = 2 s

Step 3: Substitute the values into Joule’s law formula.

H = (5A)2 × (4Ω)× (2 s)

H = (25A2)× (4Ω)× (2 s)

H = 100Ω · A2 × 2 s

56



Step 4: Calculate the heat produced.

Since 1Ω · A2 · s = 1 J (because V = IR =⇒ Volt = Ampere × Ohm and

P = V I = I2R =⇒ Watt = Ampere2 × Ohm, and E = Pt =⇒ Joule = Watt × second), we

have:

H = 200 J

The heat produced in the resistor is 200 J .

Quick Tip

Joule’s law of heating is a fundamental concept in electricity. Remember the formula

H = I2Rt and the units of each quantity.

59. One kilowatt hour is equal to

(1) 36× 106 J

(2) 0.36× 106 J

(3) 3.6× 1010 J

(4) 3.6× 106 J

Correct Answer: (4) 3.6× 106 J Solution: Step 1: Understand the units of kilowatt hour.

Kilowatt hour (kWh) is a unit of energy. It is the energy consumed by a 1 kilowatt (kW)

device operating for 1 hour.

Step 2: Convert kilowatts to watts.

1 kilowatt (kW) = 1000watts (W)

Step 3: Convert hours to seconds.

1 hour (h) = 60minutes (min) = 60× 60 seconds (s) = 3600 s

Step 4: Express kilowatt hour in terms of watt-seconds (Joules).

1 kWh = 1 kW × 1 h

1 kWh = (1000W)× (3600 s)

1 kWh = 3, 600, 000W · s
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Step 5: Recall the definition of a Joule.

1 Joule (J) = 1Watt · second (W s)

Step 6: Convert kilowatt hour to Joules.

1 kWh = 3, 600, 000 J

Step 7: Express the result in scientific notation.

1 kWh = 3.6× 106 J

One kilowatt hour is equal to 3.6× 106 J .

Quick Tip

Kilowatt hour is a commonly used unit for measuring electrical energy consumption.

Remember the conversion factors between kilowatts and watts, and hours and seconds,

to convert it to Joules.

60. The power of an electric motor that takes 5A electric current from a 220V

transmission line is:

(1) 215W

(2) 44W

(3) 225W

(4) 1100W

Correct Answer: (4) 1100W

Solution: Step 1: Identify the given quantities.

Current (I) = 5A

Voltage (V ) = 220V

Step 2: Recall the formula for electric power.

The electric power (P ) is given by:

P = V × I

Step 3: Calculate the power.

P = 220V × 5A = 1100W
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Quick Tip

Remember: P = V × I.

61. The region surrounding a magnet in which the influence of that magnet can be

detected is called

(1) magnetic length

(2) magnetic dipole

(3) magnetic field

(4) magnetic pole strength

Correct Answer: (3) magnetic field

Solution: Step 1: Understand the concept of magnetic influence.

A magnet exerts a force on other magnetic materials (like iron, nickel, cobalt) and on moving

electric charges. This influence is not limited to the surface of the magnet but extends to the

space surrounding it.

Step 2: Analyze the given options.

1. Magnetic length: This refers to the distance between the two poles of a magnet. It is a

property of the magnet itself, not the region of its influence.

2. Magnetic dipole: A magnetic dipole is a closed circulation of electric current

generating a magnetic field. A bar magnet has a magnetic dipole moment, but the term

itself does not describe the region of influence.

3. Magnetic field: A magnetic field is the region around a magnet where a magnetic force

is exerted. It is a vector field that describes the magnetic influence of electric currents

and magnetic materials.

4. Magnetic pole strength: This is a measure of the intensity of a magnetic pole,

determining the force it can exert on other magnetic poles. It is a property of the poles,

not the entire region of influence.

Step 3: Identify the term that describes the region of magnetic influence.

The region surrounding a magnet where its influence can be detected by the force it exerts is

called the magnetic field.
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Quick Tip

Visualize the magnetic field lines around a bar magnet. These lines represent the di-

rection and strength of the magnetic field, indicating the region where the magnet’s

influence is significant.

62. If the electric current through a copper wire increases, the magnitude of the

magnetic field produced at a given point:

(1) decreases

(2) remains the same

(3) increases

(4) becomes equal to zero

Correct Answer: (3) increases

Solution: Step 1: Recall the relationship between electric current and the magnetic field

it produces.

A current-carrying wire produces a magnetic field around it. The magnitude of this magnetic

field is directly proportional to the magnitude of the current flowing through the wire

(Ampère’s Law).

Step 2: Consider Ampère’s Law for a long straight wire.

The magnetic field (B) at a distance r from a long straight wire carrying current I is:

B =
µ0I

2πr

where µ0 is the permeability of free space.

Step 3: Analyze the effect of increasing current.

From the formula, B ∝ I. Thus, if the current I increases, the magnetic field B also increases

at a given point (r constant).

Quick Tip

Magnetic field strength is directly proportional to the current producing it.

63. The magnetic field at all points inside a solenoid carrying electric current:
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(1) is non-uniform

(2) is uniform

(3) does not exist

(4) is always zero

Correct Answer: (2) is uniform

Solution: Step 1: Understand the magnetic field of a solenoid.

A solenoid is a coil of wire that creates a magnetic field when current flows through it.

Step 2: Describe the magnetic field inside an ideal solenoid.

For an ideal (long and tightly wound) solenoid, the magnetic field lines inside are parallel to

the axis and evenly spaced. This indicates a uniform magnetic field in both magnitude and

direction.

Step 3: Consider real solenoids.

In real solenoids, the field is most uniform in the central region, away from the ends. The

approximation of a uniform field inside is generally good for long solenoids.

Quick Tip

The magnetic field inside a long solenoid is approximately uniform.

64. The direction of force on a current carrying conductor in a magnetic field is given

by

(1) Fleming’s left-hand rule

(2) Newton’s laws of motion

(3) Ohm’s law

(4) Joule’s law of heating

Correct Answer: (1) Fleming’s left-hand rule

Solution: Step 1: Recall the interaction between magnetic fields and current-carrying

conductors.

When a current-carrying conductor is placed in a magnetic field, it experiences a force. The

direction of this force depends on the direction of the current and the direction of the

magnetic field.
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Step 2: Analyze the given options.

1. Fleming’s left-hand rule: This rule provides a way to determine the direction of the

force on a current-carrying conductor placed in a magnetic field. If the thumb,

forefinger, and middle finger of the left hand are held mutually perpendicular, with the

forefinger pointing in the direction of the magnetic field and the middle finger pointing

in the direction of the current, then the thumb will point in the direction of the force on

the conductor.

2. Newton’s laws of motion: These laws describe the relationship between the motion of

an object and the forces acting upon it. While force is involved, Newton’s laws do not

specifically give the direction of the magnetic force on a current-carrying conductor.

3. Ohm’s law: This law states the relationship between voltage, current, and resistance

(V = IR) in an electrical circuit. It does not deal with the force experienced by a

current-carrying conductor in a magnetic field.

4. Joule’s law of heating: This law describes the heat produced in a conductor due to the

flow of electric current (H = I2Rt). It is related to energy dissipation, not the direction

of the magnetic force.

Step 3: Identify the rule that gives the direction of the force.

Fleming’s left-hand rule is specifically designed to determine the direction of the force on a

current-carrying conductor in a magnetic field.

Quick Tip

Remember the orientation of the thumb, forefinger, and middle finger in Fleming’s left-

hand rule to determine the direction of force, magnetic field, and current, respectively.

65. The magnetic field produced by a current carrying circular loop is strongest at

(1) the center of the loop

(2) a point outside the loop

(3) the outer surface of the loop

(4) every point inside the loop
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Correct Answer: (1) the center of the loop

Solution: Step 1: Recall the magnetic field pattern of a current-carrying circular loop.

A current-carrying circular loop produces a magnetic field pattern similar to that of a bar

magnet, with magnetic field lines passing through the center of the loop and forming closed

loops.

Step 2: Consider the contribution of each segment of the loop to the magnetic field.

According to the Biot-Savart law, the magnetic field dB produced by a small current element

dl is inversely proportional to the square of the distance from the element and directly

proportional to the current and the length of the element.

Step 3: Analyze the magnetic field strength at different locations.

1. The center of the loop: At the center, the magnetic field contributions from all

segments of the circular loop are in the same direction (perpendicular to the plane of the

loop) and add up constructively. The distance from each segment to the center is the

radius of the loop, which is the minimum distance within the loop’s vicinity.

2. A point outside the loop: As we move away from the loop, the magnetic field strength

decreases with distance. The contributions from different segments of the loop also start

to cancel out to some extent.

3. The outer surface of the loop: The magnetic field at the surface will be due to the

current element closest to that point, but the overall field strength due to the entire loop

is weaker compared to the center.

4. Every point inside the loop: While the magnetic field exists at every point inside the

loop, it is not of uniform strength. The field is strongest at the center and weakens as we

move away from the center towards the edges of the loop.

Step 4: Determine the location of the strongest magnetic field.

Based on the Biot-Savart law and the geometry of the circular loop, the magnetic field is

strongest at the center of the loop where the contributions from all parts of the loop add up

most effectively.
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Quick Tip

Imagine the magnetic field lines passing through the loop. The density of these field

lines is highest at the center of the loop, indicating the strongest magnetic field.

66. In an electric circuit, the device used to prevent damage to the electrical appliances

due to overloading is:

(1) electromagnet

(2) electric fuse

(3) battery

(4) electric cell

Correct Answer: (2) electric fuse

Solution: Step 1: Understand the problem of overloading in electric circuits.

Overloading occurs when the current in a circuit exceeds its safe limit.

Step 2: Recall the function of each device listed.

Electromagnet: Produces a magnetic field using electric current.

Electric fuse: A safety device that breaks the circuit if the current is too high.

Battery: A source of electrical energy.

Electric cell: A single unit that converts chemical energy to electrical energy.

Step 3: Identify the device designed for overload protection.

The electric fuse is designed to melt and break the circuit when an overload occurs, thus

preventing damage to appliances.

Quick Tip

A fuse is a safety device that protects circuits from overcurrent.

67. Which of the following is not an alloy?

(1) Constantan

(2) Manganin

(3) Nichrome
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(4) Iron

Correct Answer: (4) Iron Solution: Step 1: Recall the definition of an alloy. An alloy is a

mixture of two or more metals, or a metal with one or more non-metals, that are intimately

mixed at the atomic level. Alloys are created to enhance certain properties of the base metal,

such as strength, hardness, or resistance to corrosion.

Step 2: Analyze each of the given options.

1. Constantan: This is an alloy typically consisting of 55% copper and 45% nickel. It is

known for its constant electrical resistance over a wide range of temperatures.

2. Manganin: This is an alloy typically consisting of 86% copper, 12% manganese, and

2% nickel. It is also known for its low temperature coefficient of resistance and is used

in precision resistors.

3. Nichrome: This is an alloy typically consisting of 80% nickel and 20% chromium. It

has high electrical resistance and can withstand high temperatures without oxidizing,

making it suitable for heating elements.

4. Iron: This is a chemical element with the symbol Fe and atomic number 26. It is a

metal in its pure form. While iron is a component in many alloys (like steel, which is an

alloy of iron and carbon), iron itself is not an alloy.

Step 3: Identify the substance that is not an alloy.

Based on the definitions and compositions, iron is a pure metal and not an alloy. Constantan,

manganin, and nichrome are all alloys.

Quick Tip

Remember that an alloy is a mixture of metals or a metal and a non-metal. Recogniz-

ing the common compositions of alloys can help in identifying substances that are not

alloys.

68. Identify the wrong statement among the following:

(1) Magnetic field lines are closed curves

(2) Inside the magnet, the direction of field lines is from north pole to south pole
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(3) The magnetic field is stronger where the magnetic field lines are crowded

(4) Magnetic field lines do not intersect with each other

Correct Answer: (2) Inside the magnet, the direction of field lines is from north pole to

south pole

Solution: Step 1: Recall the properties of magnetic field lines.

Magnetic field lines form closed loops, originate from the north pole and terminate at the

south pole outside a magnet, and continue from the south pole to the north pole inside the

magnet. The density of lines indicates field strength, and they never intersect.

Step 2: Evaluate each statement.

(1) Correct: Magnetic field lines are indeed closed curves. (2) Wrong: Inside a magnet, field

lines go from south to north. Outside, they go from north to south. (3) Correct: Closer lines

indicate a stronger magnetic field. (4) Correct: Magnetic field lines never intersect.

Step 3: Identify the wrong statement.

Statement (2) is incorrect.

Quick Tip

Direction of magnetic field lines: - Outside the magnet: North → South - Inside the

magnet: South → North

69. SI unit of electrical resistivity is

(1) Ωm

(2) Ω/m

(3) m/Ω

(4) Ωm2

Correct Answer: (1) Ωm

Solution: Step 1: Recall the relationship between resistance, resistivity, length, and

cross-sectional area of a conductor.

The resistance R of a conductor is given by the formula:

R = ρ
l

A

where ρ is the electrical resistivity of the material, l is the length of the conductor, and A is
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the cross-sectional area of the conductor.

Step 2: Rearrange the formula to solve for resistivity ρ.

ρ =
RA

l

Step 3: Identify the SI units of resistance, area, and length.

Resistance R is measured in Ohms (Ω).

Cross-sectional area A is measured in square meters (m2).

Length l is measured in meters (m).

Step 4: Substitute the SI units into the formula for resistivity.

[ρ] =
[Ω][m2]

[m]

[ρ] = Ω ·m

The SI unit of electrical resistivity is Ohm-meter (Ωm).

Quick Tip

Remember the formula R = ρ l
A and the SI units of resistance, length, and area to derive

the SI unit of resistivity.

70. Which of the following is an insulator?

(1) Copper

(2) Silver

(3) Aluminium

(4) Rubber

Correct Answer: (4) Rubber

Solution: Step 1: Understand the definition of an insulator.

An electrical insulator is a material that does not allow electric current to flow through it

easily. Insulators have very high electrical resistance.

Step 2: Analyze the electrical conductivity of the given materials.

1. Copper: Copper is a metal and a very good conductor of electricity due to the presence

of free electrons.
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2. Silver: Silver is also a metal and an excellent conductor of electricity, even better than

copper in terms of conductivity.

3. Aluminium: Aluminium is another metal and a good conductor of electricity,

commonly used in power transmission lines.

4. Rubber: Rubber is a polymer and a poor conductor of electricity. It has very few free

electrons, making it an excellent electrical insulator.

Step 3: Identify the insulator among the given options.

Based on their electrical conductivity properties, rubber is an insulator, while copper, silver,

and aluminium are conductors.

Quick Tip

Distinguish between conductors (materials that allow easy flow of electricity due to free

electrons) and insulators (materials that resist the flow of electricity due to the absence

of free electrons). Metals are generally good conductors, while materials like rubber,

glass, and plastic are good insulators.

71. The image formed by a plane mirror is always:

(1) virtual and erect

(2) virtual and inverted

(3) real and erect

(4) real and inverted

Correct Answer: (1) virtual and erect

Solution: Step 1: Recall the characteristics of an image formed by a plane mirror.

The image is always virtual (cannot be projected on a screen), erect (upright), laterally

inverted, of the same size as the object, and located as far behind the mirror as the object is in

front.

Step 2: Identify the correct description.

The image formed by a plane mirror is virtual and erect.
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Quick Tip

Plane mirror images are always virtual and upright.

72. The distance between the pole and the principal focus of a spherical mirror is

called:

(1) image distance

(2) object distance

(3) focal length

(4) radius of curvature

Correct Answer: (3) focal length

Solution: Step 1: Define the relevant terms.

Pole (P): Center of the mirror’s reflecting surface.

Principal Focus (F): Point where parallel rays converge or appear to diverge.

Focal Length (f): Distance between the pole and the principal focus.

Radius of Curvature (R): Radius of the sphere the mirror is part of.

Step 2: Identify the definition matching the question.

The distance between the pole and the principal focus is the focal length.

Quick Tip

Focal length (f) is the distance from the pole to the focus. Radius of curvature (R) is

the distance from the pole to the center of curvature (C), and f = R/2.

73. A diminished, virtual and erect image is formed by a

(1) concave mirror

(2) convex mirror

(3) plane mirror

(4) planoconcave mirror

Correct Answer: (2) convex mirror Solution: Step 1: Recall the image formation

properties of different types of mirrors.
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• Concave mirror: Can form real or virtual images depending on the object’s position.

Virtual images formed by concave mirrors are magnified and erect.

• Convex mirror: Always forms virtual, erect, and diminished images, regardless of the

object’s position.

• Plane mirror: Always forms virtual, erect, and images of the same size as the object.

• Planoconcave mirror: A diverging mirror (one surface is plane, the other is concave)

that will also form virtual, erect, and diminished images.

Step 2: Identify the type of mirror that consistently produces a diminished, virtual, and

erect image.

From the properties listed above, a convex mirror always forms images that are diminished,

virtual, and erect. A planoconcave mirror also forms such images. However, convex mirrors

are the more common example for this type of image formation across all object distances.

Quick Tip

Remember the acronym ”SUV” for convex mirrors: Small, Upright, Virtual image.

74. The mirror used by a dentist to see a large image of the teeth of the patients is

(1) concave mirror

(2) convex mirror

(3) plane mirror

(4) plano-convex mirror

Correct Answer: (1) concave mirror Solution: Step 1: Consider the requirement for a

large (magnified) image.

Dentists need to see a magnified view of the patient’s teeth to examine them in detail. This

means the mirror used should be capable of producing a magnified image.

Step 2: Recall the magnification properties of different types of mirrors.

• Concave mirror: Can produce magnified real or virtual images when the object (tooth)

is placed between the pole and the focus of the mirror.
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• Convex mirror: Always produces diminished images, so it cannot be used to see a

large image of the teeth.

• Plane mirror: Produces images of the same size as the object, so it does not provide

magnification.

• Plano-convex mirror: This is a converging mirror, but it is not typically used by

dentists for magnification purposes in the same way a simple concave mirror is.

Step 3: Identify the mirror that can produce a large image when the object is placed

appropriately.

A concave mirror can form a magnified, virtual, and erect image when the tooth is placed

close to the mirror (within the focal length). This allows the dentist to see a detailed and

enlarged view.

Quick Tip

Think about how a shaving mirror or makeup mirror works; they are concave mirrors

used to produce a magnified virtual image when the face is close to the mirror. The

dentist’s mirror works on the same principle.

75. A ray of light travelling in air enters obliquely into water. This light ray

(1) bends away from the normal

(2) passes through the normal at the surface of separation

(3) bends towards the normal

(4) travels straight without bending

Correct Answer: (3) bends towards the normal

Solution: Step 1: Recall the laws of refraction.

When a ray of light travels from one optical medium to another, it bends at the interface

between the two media. This phenomenon is called refraction. The extent of bending

depends on the refractive indices of the two media and the angle of incidence. Snell’s law

governs this bending:

n1 sin θ1 = n2 sin θ2
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where n1 and n2 are the refractive indices of the first and second media, respectively, and θ1

and θ2 are the angles of incidence and refraction, respectively, measured with respect to the

normal to the surface.

Step 2: Identify the optical densities of air and water.

Air is a rarer medium (lower optical density, refractive index nair ≈ 1), and water is a denser

medium (higher optical density, refractive index nwater ≈ 1.33).

Step 3: Apply Snell’s law for light travelling from a rarer to a denser medium.

When light travels from a rarer medium (air) to a denser medium (water), n1 < n2.

According to Snell’s law:

sin θ2 =
n1
n2

sin θ1

Since n1

n2
< 1, we have sin θ2 < sin θ1. For angles between 0 and 90 degrees, a smaller sine

value corresponds to a smaller angle. Therefore, θ2 < θ1.

Step 4: Interpret the change in angle with respect to the normal.

The angle of refraction θ2 is smaller than the angle of incidence θ1. This means that the

refracted ray bends towards the normal.

Step 5: Consider the case of light incident along the normal.

If the ray of light enters perpendicularly to the surface (along the normal), the angle of

incidence θ1 = 0◦. In this case, sin θ1 = 0, and from Snell’s law, sin θ2 = 0, which means

θ2 = 0◦. So, there is no bending, and the light passes straight through. However, the question

states that the light enters obliquely.

Therefore, when a ray of light travels from air to water obliquely, it bends towards the

normal.

Quick Tip

Remember the rule: Light bends towards the normal when going from a rarer to a denser

medium and bends away from the normal when going from a denser to a rarer medium.

76. The focal length of a spherical mirror is 10 cm. Its radius of curvature is:

(1) 10 cm

(2) 5 cm
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(3) 20 cm

(4) 0.2 cm

Correct Answer: (3) 20 cm

Solution: Step 1: Recall the relationship between focal length and radius of curvature.

The focal length (f) of a spherical mirror is half of its radius of curvature (R):

f =
R

2

Step 2: Identify the given focal length.

Given: f = 10 cm.

Step 3: Calculate the radius of curvature.

Rearranging the formula, we get:

R = 2× f

Substitute the value of f :

R = 2× 10 cm = 20 cm

Quick Tip

The radius of curvature is always twice the focal length for spherical mirrors: R = 2f .

77. An object placed between the principal focus and center of curvature of a convex

lens forms an image:

(1) beyond the center of curvature

(2) at infinity

(3) at the principal focus

(4) between principal focus and center of curvature

Correct Answer: (1) beyond the center of curvature

Solution: Step 1: Recall the image formation rules for a convex lens.

The position of the image formed by a convex lens depends on the object’s position relative

to the focal point (F) and the center of curvature (2F).

Step 2: Analyze the case where the object is between F and 2F.

When the object is placed between the principal focus (F) and the center of curvature (2F) of

a convex lens, the image formed is real, inverted, and magnified.
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Step 3: Determine the location of the image.

Ray diagrams show that when the object is between F and 2F, the refracted rays converge to

form an image beyond the center of curvature (2F) on the other side of the lens.

Quick Tip

Object position and image characteristics for a convex lens: - Beyond 2F: Real, inverted,

diminished, between F and 2F - At 2F: Real, inverted, same size, at 2F - Between F and

2F: Real, inverted, magnified, beyond 2F - At F: Real, inverted, highly magnified, at

infinity - Between optical center and F: Virtual, erect, magnified, on the same side as

the object

78. The power of a lens is 4D. Its focal length is

(1) 0.25 cm

(2) 2.5 cm

(3) 25 cm

(4) 0.025 cm

Correct Answer: (3) 25 cm

Solution: Step 1: Recall the relationship between the power of a lens and its focal

length.

The power P of a lens in diopters (D) is the reciprocal of its focal length f in meters (m):

P =
1

f

Step 2: Convert the given power to find the focal length in meters.

Given power P = 4D, we can find the focal length f :

4 =
1

f

f =
1

4
m

f = 0.25m

Step 3: Convert the focal length from meters to centimeters.

Since 1m = 100 cm, we can convert the focal length:

f = 0.25m× 100 cm

1m
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f = 25 cm

The focal length of the lens is 25 cm.

Quick Tip

Remember that the formula P = 1
f requires the focal length to be in meters. Don’t

forget to convert the units if the answer is required in centimeters or other units.

79. If the height of the image is equal to the height of an object placed near a spherical

lens, then the magnification m is

(1) less than 1

(2) greater than 1

(3) equal to 1

(4) equal to zero

Correct Answer: (3) equal to 1

Solution: Step 1: Recall the definition of magnification produced by a lens.

Magnification m is defined as the ratio of the height of the image (hi) to the height of the

object (ho):

m =
hi
ho

Step 2: Apply the given condition.

We are given that the height of the image is equal to the height of the object:

hi = ho

Step 3: Substitute the condition into the magnification formula.

m =
ho
ho

Step 4: Calculate the value of magnification.

m = 1

Therefore, if the height of the image is equal to the height of the object, the magnification m

is equal to 1.
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Quick Tip

A magnification of 1 indicates that the image is the same size as the object. Magnifica-

tion greater than 1 implies an enlarged image, and magnification less than 1 implies a

diminished image. A negative magnification indicates an inverted image.

80. An object is placed at a distance of 30 cm from a concave lens of focal length 20 cm.

The image distance is:

(1) 75 cm

(2) 60 cm

(3) 12 cm

(4) 50 cm

Correct Answer: (3) 12 cm

Solution: Step 1: Identify the given values and sign conventions.

Object distance u = −30 cm (concave lens)

Focal length f = −20 cm (concave lens)

We need to find the image distance v.

Step 2: Apply the lens formula.

1

f
=

1

v
− 1

u

Step 3: Substitute the values and solve for v.

1

−20
=

1

v
− 1

−30

− 1

20
=

1

v
+

1

30
1

v
= − 1

20
− 1

30
= − 3

60
− 2

60
= − 5

60
= − 1

12

v = −12 cm

The image distance is −12 cm, indicating a virtual image on the same side as the object. The

magnitude is 12 cm.
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Quick Tip

For concave lenses, focal length is negative, and virtual images have negative image

distances.

81. The delicate membrane having enormous number of light sensitive cells is:

(1) optic nerve

(2) retina

(3) pupil

(4) cornea

Correct Answer: (2) retina

Solution: Step 1: Recall the parts of the human eye and their functions.

Optic nerve: Transmits visual information to the brain.

Retina: Contains photoreceptor cells (rods and cones) that detect light.

Pupil: Controls the amount of light entering the eye.

Cornea: Refracts light entering the eye.

Step 2: Identify the light-sensitive membrane.

The retina is the layer of the eye that contains the light-sensitive cells (photoreceptors).

Quick Tip

The retina is crucial for vision as it houses the photoreceptor cells that convert light into

neural signals.

82. The amount of light entering the eye is regulated and controlled by the

(1) pupil

(2) optical nerve

(3) retina

(4) ciliary muscles

Correct Answer: (1) pupil

Solution: Step 1: Understand the function of different parts of the eye related to light

entry.
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• Pupil: The pupil is the opening in the center of the iris that allows light to enter the eye.

Its size is adjusted by the iris muscles to control the amount of light reaching the retina.

In bright light, the pupil constricts (becomes smaller) to limit the amount of light, and in

dim light, it dilates (becomes larger) to allow more light to enter.

• Optical nerve: This nerve transmits visual information from the retina to the brain. It is

involved in vision but does not control the amount of light entering the eye.

• Retina: This is the light-sensitive layer at the back of the eye that contains

photoreceptor cells (rods and cones) which detect light. It is where the image is formed,

but it does not regulate the amount of incoming light.

• Ciliary muscles: These muscles are responsible for changing the shape of the lens to

focus on objects at different distances (accommodation). They do not directly control

the amount of light entering the eye.

Step 2: Identify the part of the eye responsible for regulating light entry.

The pupil, by changing its size, controls the amount of light that enters the eye. The iris,

which surrounds the pupil, is the muscular diaphragm that regulates the pupil’s size based on

the intensity of light.

Quick Tip

Think of the pupil as the aperture of a camera; it adjusts in size to control the amount of

light passing through to the sensor (retina).

83. The minimum distance at which the objects can be seen most distinctly without

strain is called

(1) far point of the eye

(2) near point of the eye

(3) range of accommodation

(4) power of accommodation

Correct Answer: (2) near point of the eye

Solution: Step 1: Understand the terms related to the eye’s ability to focus.
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• Far point of the eye: This is the maximum distance at which an object can be seen

clearly by the eye without any strain. For a normal eye, the far point is considered to be

infinity.

• Near point of the eye: This is the minimum distance at which an object can be seen

clearly and distinctly without any strain. For a normal young adult, this distance is

typically around 25 cm.

• Range of accommodation: This is the distance between the near point and the far point

of the eye. It represents the range over which the eye can focus clearly.

• Power of accommodation: This is the ability of the eye to change the focal length of

its lens to focus on objects at different distances. It is related to the action of the ciliary

muscles.

Step 2: Identify the term that matches the definition given in the question.

The question asks for the minimum distance at which objects can be seen most distinctly

without strain. This definition corresponds to the near point of the eye.

Quick Tip

Remember the typical value of the near point for a normal human eye (around 25 cm)

as the distance of distinct vision.

84. A person can see distant objects clearly but cannot see nearby objects distinctly.

The person is suffering from:

(1) hypermetropia

(2) myopia

(3) presbyopia

(4) cataract

Correct Answer: (1) hypermetropia

Solution: Step 1: Recall the characteristics of common eye defects.

Myopia: Difficulty seeing distant objects.

Hypermetropia: Difficulty seeing nearby objects.
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Presbyopia: Age-related difficulty focusing on close objects.

Cataract: Clouding of the lens affecting vision at all distances.

Step 2: Match the symptoms to the defect.

The person can see far but not near, which is characteristic of hypermetropia (farsightedness).

Quick Tip

- Myopia = Near-sightedness - Hypermetropia = Far-sightedness

85. The defect myopia can be corrected by using a:

(1) convex lens

(2) concave lens

(3) bifocal lens

(4) plano convex lens

Correct Answer: (2) concave lens

Solution: Step 1: Understand the cause of myopia.

Myopia (nearsightedness) occurs when the image of distant objects is formed in front of the

retina.

Step 2: Determine the type of lens needed for correction.

A concave lens diverges the incoming light rays, causing the image to be formed farther

back on the retina, thus correcting myopia.

Step 3: Recall the function of other lenses.

Convex lens: Converges light rays (used for hypermetropia).

Bifocal lens: Has both converging and diverging sections (used for presbyopia).

Plano-convex lens: A type of converging lens.

Quick Tip

- Myopia is corrected with a diverging lens (concave). - Hypermetropia is corrected

with a converging lens (convex).

86. The band of the coloured components of a light beam is called its
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(1) refraction

(2) dispersion

(3) scattering

(4) spectrum

Correct Answer: (4) spectrum

Solution: Step 1: Understand the concept of white light and its components.

White light is composed of different colours, each corresponding to a different wavelength.

When white light is separated into its constituent colours, a band of these colours is observed.

Step 2: Analyze the given options.

1. Refraction: This is the bending of light as it passes from one medium to another with a

different refractive index. While refraction can lead to the separation of colours (as in a

prism), refraction itself is not the name for the band of colours.

2. Dispersion: This is the phenomenon of the splitting of white light into its constituent

colours due to the variation of refractive index with wavelength. Dispersion is the

process that creates the band of colours.

3. Scattering: This is the phenomenon where light is deflected in different directions by

particles in a medium. Scattering can affect the colour of light we see (e.g., the blue

sky), but it is not the name for the band of separated colours.

4. Spectrum: This is the band of colours obtained when white light is dispersed. It shows

the component wavelengths of the light beam arranged in order of their wavelengths or

frequencies. For visible light, this band consists of colours from violet to red.

Step 3: Identify the term for the band of coloured components of light.

The band of the coloured components of a light beam, obtained through dispersion, is called

its spectrum.

Quick Tip

Think of the rainbow as a natural spectrum of sunlight, where water droplets act as

prisms to disperse the white sunlight into its constituent colours.
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87. The formation of a rainbow in the sky involves:

(1) reflection, refraction, scattering

(2) refraction, dispersion, reflection

(3) refraction, scattering, dispersion

(4) dispersion, total internal reflection, scattering

Correct Answer: (2) refraction, dispersion, reflection

Solution: Step 1: Recall the phenomena involved in rainbow formation.

Rainbows are formed by the interaction of sunlight with water droplets.

Step 2: Describe the sequence of events.

1. Sunlight enters a raindrop and undergoes refraction, which also causes the white light to

split into its constituent colors (dispersion).

2. These different colors of light then undergo internal reflection from the back surface of

the raindrop.

3. Finally, the light undergoes another refraction as it exits the raindrop, further separating

the colors and directing them towards the observer’s eye.

Step 3: Identify the correct sequence from the options.

The correct sequence of phenomena involved in rainbow formation is refraction, dispersion,

and reflection.

Quick Tip

Rainbow formation involves: - Bending of light (refraction) - Splitting of light into

colors (dispersion) - Bouncing of light (reflection)

88. Advance sunrise and delayed sunset are due to

(1) atmospheric refraction

(2) atmospheric scattering

(3) atmospheric dispersion

(4) atmospheric reflection

Correct Answer: (1) atmospheric refraction

Solution: Step 1: Understand the phenomenon of atmospheric refraction.
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Atmospheric refraction is the bending of light caused by the varying optical density of the

Earth’s atmosphere. As sunlight enters the atmosphere, it passes through layers of air with

gradually changing refractive indices due to variations in temperature and density.

Step 2: Explain how atmospheric refraction causes advance sunrise and delayed sunset.

When the sun is near the horizon, the sunlight has to travel through a larger portion of the

atmosphere. Due to atmospheric refraction, the light rays bend as they pass through these

layers. This bending causes the apparent position of the sun to be slightly higher than its

actual position.

• Advance Sunrise: Even before the sun has actually risen above the horizon, its light

rays bend due to atmospheric refraction, making it appear as if the sun has already risen.

This results in an advance sunrise of about 2 minutes.

• Delayed Sunset: Similarly, even after the sun has actually set below the horizon, its

light rays continue to bend due to atmospheric refraction, making it appear as if the sun

is still visible. This causes a delayed sunset of about 2 minutes.

Step 3: Analyze the other options.

• Atmospheric scattering: This is the phenomenon responsible for the blue colour of the

sky and the reddish appearance of the sun during sunrise and sunset. It does not directly

cause the advance sunrise and delayed sunset.

• Atmospheric dispersion: This is the separation of white light into its constituent

colours by the atmosphere, similar to how a prism works. While it occurs, it is not the

primary reason for advance sunrise and delayed sunset.

• Atmospheric reflection: Some sunlight is reflected back into space by the atmosphere

and clouds, but this does not explain the apparent shift in the sun’s position near the

horizon.

Therefore, advance sunrise and delayed sunset are due to atmospheric refraction.
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Quick Tip

Think about how objects appear slightly distorted or displaced when viewed through

a medium with varying refractive index, like air above a hot surface. Atmospheric

refraction is a similar effect on a larger scale.

89. The blue colour of clear sky is due to

(1) dispersion of light

(2) refraction of light

(3) scattering of light

(4) reflection of light

Correct Answer: (3) scattering of light Solution: Step 1: Understand the composition of

sunlight and the Earth’s atmosphere.

Sunlight is white light, composed of various colours (wavelengths). The Earth’s atmosphere

contains tiny particles such as air molecules (nitrogen and oxygen), water vapour, and dust.

Step 2: Recall the phenomenon of scattering of light.

Scattering of light is the process by which light is deflected in different directions by

particles when it encounters them. The amount of scattering depends on the wavelength of

light and the size of the scattering particles. Rayleigh scattering, which occurs when the size

of the scattering particles is much smaller than the wavelength of light, is strongly dependent

on wavelength (∝ 1
λ4 ). Shorter wavelengths are scattered much more strongly than longer

wavelengths.

Step 3: Explain why the sky appears blue.

The wavelengths of blue light are shorter than those of other visible colours. When sunlight

passes through the Earth’s atmosphere, these shorter blue wavelengths are scattered much

more effectively in all directions by the tiny air molecules. When we look at the sky, we see

this scattered blue light coming from all parts of the sky, making it appear blue.

Step 4: Analyze the other options.

• Dispersion of light: Dispersion is the splitting of white light into its constituent

colours. While the atmosphere can cause some dispersion, it is not the primary reason

for the blue colour of the sky.
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• Refraction of light: Refraction is the bending of light as it passes from one medium to

another. While atmospheric refraction occurs, it does not explain why the sky is blue.

• Reflection of light: Reflection is the bouncing back of light from a surface. While some

sunlight is reflected by the atmosphere and the Earth’s surface, the blue colour of the

sky is not due to reflection.

Therefore, the blue colour of the clear sky is due to the scattering of sunlight by the tiny

particles in the Earth’s atmosphere, with blue light being scattered more strongly.

Quick Tip

Think about why the sun appears reddish during sunrise and sunset. At these times,

sunlight travels through a larger part of the atmosphere, and most of the blue light is

scattered away, leaving the longer red wavelengths to reach our eyes.

90. If the speed of light in glass is 2× 108m/s and the speed of light in air is 3× 108m/s,

the refractive index of glass with respect to air is:

(1) 6

(2) 1

(3) 1.5

(4) 5

Correct Answer: (3) 1.5

Solution: Step 1: Recall the definition of refractive index.

The refractive index of a medium (glass) with respect to another medium (air) is the ratio of

the speed of light in air to the speed of light in glass:

nglass, air =
speed of light in air

speed of light in glass

Step 2: Identify the given speeds of light.

Speed of light in air, vair = 3× 108m/s Speed of light in glass, vglass = 2× 108m/s

Step 3: Calculate the refractive index.

nglass, air =
3× 108m/s

2× 108m/s
=

3

2
= 1.5

85



Quick Tip

Refractive index = speed of light in vacuum (or air)
speed of light in the medium

Section-III:Chemistry

91. Why are cooking vessels made up of metals like copper and aluminium?

(1) Because they are malleable

(2) Because they are shiny

(3) Because they are sonorous

(4) Because they are good conductors of heat

Correct Answer: (4) Because they are good conductors of heat Solution: Step 1: Consider

the primary function of cooking vessels.

Cooking vessels are used to heat food. For efficient cooking, heat needs to be transferred

effectively from the heat source to the food inside the vessel.

Step 2: Analyze the properties of copper and aluminium in relation to this function.

Malleability: Malleability is the ability of a metal to be hammered or rolled into thin sheets

without breaking. While copper and aluminium are malleable, this property is important for

shaping the vessels but not directly for their primary function of heating food.

Shininess: Copper and aluminium are shiny metals when polished, but this aesthetic property

does not contribute to the efficiency of cooking.

Sonorousness: Sonorousness is the property of a material to produce a ringing sound when

struck. This property is irrelevant to the function of cooking vessels.

Good conductors of heat: Copper and aluminium are excellent conductors of heat. This

means they can efficiently transfer heat from the stove or heat source to the food inside the

vessel, ensuring uniform and faster cooking.

Step 3: Identify the property that makes copper and aluminium suitable for cooking

vessels.

The ability of copper and aluminium to conduct heat efficiently is the primary reason they

are used for making cooking vessels. This ensures that the heat is distributed evenly and

quickly to cook the food.
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Quick Tip

Think about why materials like wood or plastic are not used for cooking vessels. They

are poor conductors of heat and would not efficiently transfer energy to the food.

92. Why are metals like potassium and sodium stored in kerosene oil?

(1) To prevent oxidation

(2) To avoid rusting

(3) To prevent accidental fires due to their vigorous reaction with oxygen

(4) To preserve their shiny surface

Correct Answer: (3) To prevent accidental fires due to their vigorous reaction with oxygen

Solution: Step 1: Recall the reactivity of potassium and sodium.

Potassium (K) and sodium (Na) are highly reactive alkali metals.

Step 2: Describe their reaction with air and water.

They react vigorously with oxygen and moisture in the air, producing heat that can cause

fires.

Step 3: Explain the use of kerosene oil for storage.

Kerosene oil is inert and prevents contact with air and water, thus preventing these hazardous

reactions.

Quick Tip

Alkali metals are stored under oil to prevent reaction with air and water.

93. What is the process of forming a thick oxide layer on aluminium called?

(1) Galvanisation

(2) Anodising

(3) Electrolysis

(4) Oxidation

Correct Answer: (2) Anodising

Solution: Step 1: Recall the natural oxide layer on aluminium.
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Aluminium forms a thin protective oxide layer in air.

Step 2: Define the given processes.

Galvanisation: Coating iron with zinc.

Anodising: Electrochemical process to form a thick oxide layer on aluminium.

Electrolysis: Using electricity to drive chemical reactions.

Oxidation: Loss of electrons or increase in oxidation state (formation of oxide).

Step 3: Identify the specific process for a thick oxide layer on aluminium.

Anodising is the process used to create a thick, protective oxide layer on aluminium.

Quick Tip

Anodising specifically enhances the oxide layer on aluminium.

94. What happens when zinc is added to a solution of iron (II) sulfate?

(1) No reaction takes place

(2) Both metals react with each other to form an alloy

(3) Iron displaces zinc and forms iron sulfate

(4) Zinc displaces iron and forms zinc sulfate

Correct Answer: (4) Zinc displaces iron and forms zinc sulfate

Solution: Step 1: Recall the reactivity series of metals.

The reactivity series is an arrangement of metals in descending order of their chemical

reactivity. A more reactive metal can displace a less reactive metal from its salt solution. A

part of the reactivity series is: Potassium (K) ¿ Sodium (Na) ¿ Calcium (Ca) ¿ Magnesium

(Mg) ¿ Aluminium (Al) ¿ Carbon (C) ¿ Zinc (Zn) ¿ Iron (Fe) ¿ Tin (Sn) ¿ Lead (Pb) ¿

Hydrogen (H) ¿ Copper (Cu) ¿ Mercury (Hg) ¿ Silver (Ag) ¿ Gold (Au) ¿ Platinum (Pt)

Step 2: Compare the reactivity of zinc and iron.

From the reactivity series, zinc (Zn) is placed above iron (Fe), which indicates that zinc is

more reactive than iron.

Step 3: Predict the outcome of the reaction between zinc and iron (II) sulfate solution.

Since zinc is more reactive than iron, it can displace iron from its salt solution (iron (II)

sulfate, FeSO4). The reaction will be a single displacement reaction where zinc will replace
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iron, forming zinc sulfate (ZnSO4) solution and metallic iron (Fe). The balanced chemical

equation for this reaction is:

Zn(s) + FeSO4(aq) → ZnSO4(aq) + Fe(s)

Step 4: Analyze the given options.

1. No reaction takes place: This is incorrect because zinc is more reactive than iron.

2. Both metals react with each other to form an alloy: Alloys are typically formed by

melting and mixing metals, not through a displacement reaction in a solution.

3. Iron displaces zinc and forms iron sulfate: This is incorrect because a more reactive

metal (zinc) displaces a less reactive metal (iron), not the other way around.

4. Zinc displaces iron and forms zinc sulfate: This is correct as explained by the

reactivity series.

Therefore, when zinc is added to a solution of iron (II) sulfate, zinc displaces iron and forms

zinc sulfate.

Quick Tip

Always refer to the reactivity series to predict whether a displacement reaction will

occur between a metal and a salt solution. A metal higher in the series will displace a

metal lower in the series.

95. What type of bond is formed when a metal transfers electrons to a non-metal?

(1) Covalent bond

(2) Metallic bond

(3) Ionic bond

(4) Hydrogen bond

Correct Answer: (3) Ionic bond

Solution: Step 1: Recall the types of chemical bonds.

Covalent bond: Sharing of electrons between non-metals.

Metallic bond: Attraction between metal ions and delocalized electrons.
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Ionic bond: Electrostatic attraction between ions formed by electron transfer between a

metal and a non-metal.

Hydrogen bond: Intermolecular force involving hydrogen bonded to electronegative atoms.

Step 2: Analyze electron transfer between metal and non-metal.

Metals lose electrons to form positive ions, and non-metals gain electrons to form negative

ions.

Step 3: Identify the bond formed.

The electrostatic attraction between these oppositely charged ions forms an ionic bond.

Quick Tip

Ionic bonds involve electron transfer and occur between metals and non-metals.

96. What is the name of the process where carbonate ores are converted to oxides by

heating in limited air?

(1) Calcination

(2) Electrolysis

(3) Roasting

(4) Smelting

Correct Answer: (1) Calcination

Solution: Step 1: Recall methods for converting ores to oxides.

Metal extraction often involves converting ores to oxides.

Step 2: Define the given processes.

Calcination: Heating carbonate ores in limited air to form oxides and release CO2.

Electrolysis: Using electricity to drive non-spontaneous reactions.

Roasting: Heating sulfide ores in excess air to form oxides and SO2.

Smelting: Reducing metal oxides at high temperatures.

Step 3: Identify the process for carbonate ores in limited air. Calcination fits the

description provided in the question.

Quick Tip

- Calcination: Carbonate ores, limited air. - Roasting: Sulfide ores, excess air.
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97. Which of the following is an ore of mercury?

(1) Hematite

(2) Cinnabar

(3) Galena

(4) Bauxite

Correct Answer: (2) Cinnabar

Solution: Step 1: Recall common metal ores.

Ores are minerals from which metals are economically extracted.

Step 2: Identify the chemical composition of the options.

Hematite: Fe2O3 (Iron ore)

Cinnabar: HgS (Mercury ore)

Galena: PbS (Lead ore)

Bauxite: Al2O3 · nH2O (Aluminium ore)

Step 3: Match the ore to mercury.

Cinnabar is the ore of mercury.

Quick Tip

Cinnabar (HgS) is the main ore of mercury.

98. What kind of bond exists in a molecule of nitrogen (N2)?

(1) Single bond

(2) Double bond

(3) Triple bond

(4) Ionic bond

Correct Answer: (3) Triple bond

Solution: Step 1: Determine the valence electrons of nitrogen.

Nitrogen (N) has 5 valence electrons.

Step 2: Explain how nitrogen atoms achieve a stable octet in N2.

Each nitrogen atom needs 3 more electrons. They achieve this by sharing 3 pairs of electrons
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with each other.

Step 3: Identify the type of bond formed by sharing three electron pairs.

Sharing three electron pairs forms a triple covalent bond (N ≡ N).

Quick Tip

Nitrogen (N2) has a strong triple covalent bond.

99. What makes graphite a good conductor of electricity?

(1) Presence of strong covalent bonds

(2) Free electrons in its layered structure

(3) Its rigid three-dimensional structure

(4) Its slippery texture

Correct Answer: (2) Free electrons in its layered structure

Solution: Step 1: Understand the structure of graphite.

Graphite is an allotrope of carbon. In graphite, each carbon atom is bonded to three other

carbon atoms in a hexagonal planar structure, forming layers. These layers are held together

by weak van der Waals forces.

Step 2: Consider the bonding in graphite.

Each carbon atom in graphite uses three of its four valence electrons to form strong covalent

bonds with three neighbouring carbon atoms in the same layer. This leaves one valence

electron per carbon atom free.

Step 3: Explain how free electrons contribute to electrical conductivity.

Electrical conductivity occurs due to the movement of charged particles, typically electrons.

The free electrons in graphite are delocalized and can move freely within each layer. These

mobile electrons can carry an electric current when a voltage is applied, making graphite a

good conductor of electricity.

Step 4: Analyze the given options.

1. Presence of strong covalent bonds: Strong covalent bonds hold the carbon atoms

within each layer, providing structural stability, but they do not directly contribute to

electrical conductivity. In fact, the electrons involved in these bonds are not free to
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move and carry charge.

2. Free electrons in its layered structure: As explained above, the presence of

delocalized or free electrons within each layer of graphite is responsible for its good

electrical conductivity.

3. Its rigid three-dimensional structure: Graphite does not have a rigid

three-dimensional structure. It has a layered structure where the layers can slide over

each other, which accounts for its softness and slippery texture. A rigid

three-dimensional network structure, like that of diamond, typically results in poor

electrical conductivity due to the absence of free electrons.

4. Its slippery texture: The slippery texture of graphite is due to the weak van der Waals

forces between the layers, allowing them to slide easily. This property is related to its

structure but not directly to its electrical conductivity.

Therefore, graphite is a good conductor of electricity due to the presence of free electrons in

its layered structure.

Quick Tip

Contrast the structure and bonding in graphite with that in diamond. Diamond has a

three-dimensional network of strong covalent bonds with no free electrons, making it a

poor conductor of electricity.

100. What property allows carbon to form large molecules by bonding with itself?

(1) Valency

(2) Electronegativity

(3) Catenation

(4) Ionization

Correct Answer: (3) Catenation

Solution: Step 1: Understand the structure and bonding of carbon.

Carbon has an atomic number of 6 and an electronic configuration of 1s22s22p2. It has four

valence electrons, allowing it to form four covalent bonds with other atoms.
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Step 2: Analyze the given properties of carbon.

• Valency: Carbon’s valency of 4 enables it to form multiple bonds with other atoms,

including other carbon atoms. While valency is necessary for bonding, it doesn’t solely

explain the formation of large molecules by self-linking.

• Electronegativity: Carbon has a moderate electronegativity. Electronegativity is the

tendency of an atom to attract a shared pair of electrons towards itself in a covalent

bond. While it influences the nature of the C-C bond, it’s not the primary reason for

forming large chains.

• Catenation: Catenation is the ability of an element to form long chains or rings with

itself through covalent bonds. Carbon exhibits a remarkable degree of catenation due to

the strong covalent bonds it forms with other carbon atoms. This allows for the

formation of a vast number of organic compounds with varying chain lengths and

structures.

• Ionization: Ionization is the process by which an atom or molecule acquires a positive

or negative charge by gaining or losing electrons. Carbon typically forms covalent

bonds rather than ions in organic molecules. Ionization energy is the energy required to

remove an electron from an atom, which is not directly related to the formation of large

molecules through self-bonding.

Step 3: Identify the property responsible for the formation of large carbon molecules.

Catenation is the unique property of carbon that allows it to form long chains and rings by

bonding with itself, leading to the existence of large and complex organic molecules.

Quick Tip

Remember that carbon’s ability to catenate is a key reason for the diversity and com-

plexity of organic chemistry.

101. Compounds with the same molecular formula but different structures are called

(1) isotopes

(2) homologous compounds
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(3) functional groups

(4) isomers

Correct Answer: (4) isomers Solution: Step 1: Understand the definitions of the given

terms.

• Isotopes: Isotopes are atoms of the same element that have the same number of protons

but different numbers of neutrons. They have the same atomic number but different

mass numbers. Isotopes refer to different forms of the same element, not different

compounds with the same molecular formula.

• Homologous compounds: Homologous compounds are a series of organic compounds

with the same functional group and similar chemical properties, where successive

members differ by CH2. They have different molecular formulas.

• Functional groups: A functional group is a specific group of atoms within molecules

that are responsible for the characteristic chemical reactions of those molecules.

Compounds with the same functional group can have different molecular formulas and

structures.

• Isomers: Isomers are compounds that have the same molecular formula but different

structural arrangements of atoms. These different structures lead to different physical

and chemical properties.

Step 2: Match the definition in the question with the correct term.

The question describes compounds that have the same molecular formula but different

structural formulas. This is the definition of isomers.

Quick Tip

Remember the saying: ”Isomers have the same parts (molecular formula) but are ar-

ranged differently.”

102. Which series contains compounds differing by a −CH2− unit?

(1) Homologous series

(2) Isomeric series
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(3) Saturated series

(4) Ionic series

Correct Answer: (1) Homologous series

Solution: Step 1: Define homologous series.

A homologous series is a sequence of organic compounds with the same functional group

where successive members differ by a −CH2− unit.

Step 2: Define other terms.

Isomeric series: Compounds with the same molecular formula but different structures.

Saturated series: Compounds with only single carbon-carbon bonds.

Ionic series: Not a standard term for organic compounds based on structure.

Step 3: Match the definition to the question.

The question describes the defining characteristic of a homologous series.

Quick Tip

Homologous series: Constant difference of −CH2− between members.

103. Which functional group is present in carboxylic acids?

(1) −CHO

(2) −COOH

(3) −C = O

(4) −OH

Correct Answer: (2) −COOH

Solution: Step 1: Recall common functional groups.

−CHO: Aldehyde

−COOH: Carboxylic acid

−C = O: Carbonyl group (ketone or aldehyde)

−OH: Hydroxyl group (alcohol or phenol)

Step 2: Identify the functional group of carboxylic acids.

Carboxylic acids are characterized by the presence of the −COOH functional group

(carboxyl group).

96



Quick Tip

Carboxylic acids contain the −COOH group.

104. Which substance can oxidize ethanol to ethanoic acid?

(1) Alkaline potassium permanganate

(2) Sodium hydroxide

(3) Dilute hydrochloric acid

(4) Sodium ethoxide

Correct Answer: (1) Alkaline potassium permanganate

Solution: Step 1: Understand the oxidation of ethanol.

Ethanol is a primary alcohol. Oxidation of primary alcohols can proceed in two stages: first

to an aldehyde (ethanal in this case), and further oxidation leads to a carboxylic acid

(ethanoic acid).

Step 2: Analyze the properties of the given substances.

• Alkaline potassium permanganate (KMnO4): Potassium permanganate is a strong

oxidizing agent. In an alkaline medium, it is capable of oxidizing primary alcohols all

the way to carboxylic acids. The purple MnO−
4 ion is reduced to the green MnO2−

4 ion

(and further to MnO2 depending on conditions).

• Sodium hydroxide (NaOH): Sodium hydroxide is a strong base. It can react with

alcohols to form alkoxides, but it is not an oxidizing agent and will not oxidize ethanol.

• Dilute hydrochloric acid (HCl): Hydrochloric acid is a strong acid. It can react with

alcohols in a dehydration reaction under specific conditions (high temperature, presence

of a catalyst) to form alkenes or ethers, but it does not oxidize alcohols.

• Sodium ethoxide (CH3CH2ONa): Sodium ethoxide is the conjugate base of ethanol

and a strong base. It is not an oxidizing agent and will not oxidize ethanol.

Step 3: Identify the oxidizing agent capable of converting ethanol to ethanoic acid.

Alkaline potassium permanganate is a well-known strong oxidizing agent that can oxidize

primary alcohols like ethanol to carboxylic acids like ethanoic acid. The reaction proceeds as
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follows:

CH3CH2OH
[O]−−→ CH3CHO

[O]−−→ CH3COOH

where [O] represents oxidation by alkaline KMnO4.

Quick Tip

Remember that oxidizing alcohols typically involves the use of oxidizing agents like

potassium permanganate (KMnO4), potassium dichromate (K2Cr2O7), or chromium

trioxide (CrO3). The strength of the oxidizing agent and the reaction conditions can de-

termine whether the alcohol is oxidized to an aldehyde/ketone or further to a carboxylic

acid.

105. What is the product formed when magnesium ribbon is burnt in oxygen?

(1) Magnesium chloride

(2) Magnesium oxide

(3) Magnesium carbonate

(4) Magnesium hydroxide

Correct Answer: (2) Magnesium oxide

Solution: Step 1: Recall the reaction of metals with oxygen.

Metals react with oxygen upon burning to form metal oxides.

Step 2: Write the balanced chemical equation.

Magnesium (Mg) burns in oxygen (O2) to produce magnesium oxide (MgO):

2Mg(s) +O2(g)
∆−→ 2MgO(s)

Step 3: Identify the product from the options.

The product of this reaction is magnesium oxide.

Quick Tip

Metal + Oxygen heat−−→ Metal Oxide

106. What is the law of conservation of mass?
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(1) Energy can be created in a reaction

(2) The number of reactants must always equal the number of products

(3) Mass and energy are interchangeable during reactions

(4) Mass can neither be created nor destroyed in a chemical reaction

Correct Answer: (4) Mass can neither be created nor destroyed in a chemical reaction

Solution: Step 1: Recall the law of conservation of mass.

The law of conservation of mass is a fundamental principle stating that matter cannot be

created or destroyed in a chemical reaction.

Step 2: Evaluate the given options.

(1) Incorrect; this violates the law of conservation of energy in a closed system.

(2) Incorrect; the number of moles or molecules of reactants and products may differ.

(3) Incorrect for typical chemical reactions; this is related to mass-energy equivalence in

nuclear reactions.

(4) Correct; this accurately states the law of conservation of mass.

Quick Tip

Law of Conservation of Mass: Mass of reactants = Mass of products.

106. What is the law of conservation of mass?

(1) Energy can be created in a reaction

(2) The number of reactants must always equal the number of products

(3) Mass and energy are interchangeable during reactions

(4) Mass can neither be created nor destroyed in a chemical reaction

Correct Answer: (4) Mass can neither be created nor destroyed in a chemical reaction

Solution: Step 1: Recall the law of conservation of mass.

The law of conservation of mass is a fundamental principle stating that matter cannot be

created or destroyed in a chemical reaction.

Step 2: Evaluate the given options.

(1) Incorrect; this violates the law of conservation of energy in a closed system.

(2) Incorrect; the number of moles or molecules of reactants and products may differ.
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(3) Incorrect for typical chemical reactions; this is related to mass-energy equivalence in

nuclear reactions.

(4) Correct; this accurately states the law of conservation of mass.

Quick Tip

Law of Conservation of Mass: Mass of reactants = Mass of products.

107. What is the significance of writing physical states in a chemical equation?

(1) To provide information about the physical form of substances

(2) To show the mass of reactants and products

(3) To balance the equation more accurately

(4) To indicate the catalyst used in the reaction

Correct Answer: (1) To provide information about the physical form of substances

Solution: Step 1: Recall the components of a balanced chemical equation.

A balanced chemical equation shows the chemical formulas of the reactants and products,

along with their stoichiometric coefficients, ensuring that the number of atoms of each

element is the same on both sides of the equation.

Step 2: Understand the notation used to indicate physical states.

In a chemical equation, the physical state of each substance is often indicated using

abbreviations in parentheses following the chemical formula:

• (s) for solid

• (l) for liquid

• (g) for gas

• (aq) for aqueous solution (dissolved in water)

Step 3: Analyze the significance of these physical state symbols.

1. To provide information about the physical form of substances: Writing the physical

states provides crucial information about whether the reactants and products are solids,

liquids, gases, or dissolved in water. This can be important for understanding the

reaction conditions and the nature of the substances involved.
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2. To show the mass of reactants and products: The physical states do not directly

indicate the mass of the reactants and products. The mass is determined by the molar

masses and the stoichiometric coefficients in the balanced equation.

3. To balance the equation more accurately: Balancing a chemical equation involves

ensuring the conservation of atoms. The physical states do not affect the balancing of

the number of atoms of each element.

4. To indicate the catalyst used in the reaction: The catalyst used in a reaction is

typically written above or below the reaction arrow and is not indicated by the physical

state symbols of the reactants or products.

Step 4: Identify the primary significance of writing physical states.

The main significance of writing physical states in a chemical equation is to provide

information about the physical form (solid, liquid, gas, or aqueous solution) of the reactants

and products involved in the reaction.

Quick Tip

Pay attention to the physical states when interpreting a chemical equation, as they can

provide clues about the reaction conditions and the properties of the substances. For

example, (aq) indicates that the substance is dissolved in water, which can influence its

reactivity.

108. What is the product formed when slaked lime reacts with carbon dioxide during

whitewashing?

(1) Calcium hydroxide

(2) Calcium carbonate

(3) Calcium oxide

(4) Calcium chloride

Correct Answer: (2) Calcium carbonate

Solution: Step 1: Identify the reactant, slaked lime.

Slaked lime is calcium hydroxide, Ca(OH)2.

Step 2: Recall the reaction during whitewashing.
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Slaked lime reacts with carbon dioxide (CO2) in the air.

Step 3: Write the balanced chemical equation.

Ca(OH)2(aq) + CO2(g) → CaCO3(s) +H2O(l)

Step 4: Identify the product formed. The product is calcium carbonate (CaCO3), which

forms the white coating.

Quick Tip

Slaked lime + Carbon dioxide → Calcium carbonate + Water

109. Why does the iron nail become brownish when dipped in copper sulfate solution?

(1) Copper gets deposited on the nail

(2) Iron reacts with oxygen

(3) The nail rusts

(4) The nail undergoes thermal decomposition

Correct Answer: (1) Copper gets deposited on the nail

Solution: Step 1: Recall the reactivity series of metals.

As established earlier, the reactivity series ranks metals in order of their chemical reactivity.

Iron (Fe) is placed above copper (Cu) in the reactivity series, indicating that iron is more

reactive than copper.

Step 2: Predict the reaction between iron and copper sulfate solution.

When a more reactive metal (iron) is placed in a solution of a salt of a less reactive metal

(copper sulfate, CuSO4), a displacement reaction occurs. The more reactive metal displaces

the less reactive metal from its salt solution. In this case, iron will displace copper from

copper sulfate solution. The balanced chemical equation for this reaction is:

Fe(s) + CuSO4(aq) → FeSO4(aq) + Cu(s)

Step 3: Observe the products of the reaction.

The products of this reaction are iron (II) sulfate (FeSO4) solution, which is typically light

green, and solid copper (Cu), which is reddish-brown in colour.

Step 4: Explain the brownish appearance of the iron nail.
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As the reaction proceeds, metallic copper is deposited on the surface of the iron nail. This

deposited copper is brownish in colour, causing the iron nail to take on a brownish

appearance.

Step 5: Analyze the other options.

1. Copper gets deposited on the nail: This is correct, as explained by the displacement

reaction.

2. Iron reacts with oxygen: This would occur if the iron nail were exposed to air and

moisture, leading to rusting (formation of iron oxides), which is typically

reddish-brown. However, the question specifies dipping in copper sulfate solution, so

the primary reaction is with copper sulfate, not directly with atmospheric oxygen.

3. The nail rusts: Rusting is the corrosion of iron, primarily involving reaction with

oxygen and water. While the nail might eventually rust if left exposed after the

experiment, the immediate brownish coating upon dipping in copper sulfate solution is

due to copper deposition.

4. The nail undergoes thermal decomposition: Thermal decomposition involves

breaking down a substance by heating it to a high temperature. This is not relevant to

dipping an iron nail in copper sulfate solution at room temperature.

Therefore, the iron nail becomes brownish when dipped in copper sulfate solution because

copper gets deposited on the nail due to a displacement reaction.

Quick Tip

This is a classic example of a metal displacement reaction. Remember that the more

reactive metal always displaces the less reactive metal from its salt solution.

110. What causes corrosion of iron?

(1) Exposure to sunlight

(2) Reaction with oxygen and moisture

(3) Contact with acids

(4) Both (2) and (3)
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Correct Answer: (4) Both (2) and (3)

Solution: Step 1: Recall the conditions for iron corrosion.

Corrosion of iron (rusting) requires the presence of oxygen and water.

Step 2: Consider the effect of acids.

Acids react with iron, causing corrosion.

Step 3: Evaluate the options.

Both reaction with oxygen and moisture, and contact with acids, lead to iron corrosion.

Quick Tip

Rusting needs oxygen and water; acids accelerate corrosion.

111. What is the process called when fats and oils are oxidised and their smell and taste

change?

(1) Corrosion

(2) Rancidity

(3) Combustion

(4) Oxidation

Correct Answer: (2) Rancidity

Solution: Step 1: Understand the oxidation of fats and oils.

Unsaturated fats and oils can undergo oxidation when exposed to air.

Step 2: Define the resulting change.

This oxidation leads to the formation of compounds with unpleasant smells and tastes.

Step 3: Identify the specific term for this process.

The process is called rancidity.

Quick Tip

Oxidation of fats and oils leading to bad smell and taste is rancidity.

112. If someone in your family is suffering from acidity after overeating, which of the

following would you suggest as a remedy?
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(1) Lemon juice

(2) Vinegar

(3) Baking soda solution

(4) Saltwater

Correct Answer: (3) Baking soda solution

Solution: Step 1: Understand the cause of acidity after overeating.

Acidity, or heartburn, occurs when there is an excess of acid in the stomach. Overeating can

lead to the stomach producing more acid to digest the larger amount of food, resulting in

discomfort and a burning sensation.

Step 2: Consider the nature of the given options.

• Lemon juice: Lemon juice is acidic due to the presence of citric acid. Consuming it

might temporarily worsen the acidity, although some believe it can have an alkalizing

effect after digestion in small amounts, this is not a direct and immediate remedy.

• Vinegar: Vinegar contains acetic acid and is acidic. Similar to lemon juice, it is not a

suitable remedy for immediate relief from acidity.

• Baking soda solution: Baking soda (sodium bicarbonate, NaHCO3) is a weak base.

When it reacts with excess stomach acid (primarily hydrochloric acid, HCl), it

neutralizes the acid, forming salt (sodium chloride, NaCl), water (H2O), and carbon

dioxide (CO2). This reaction helps to reduce the acidity and provide relief.

NaHCO3(s) +HCl(aq) → NaCl(aq) +H2O(l) + CO2(g)

• Saltwater: Saltwater (a solution of sodium chloride in water) does not have any

significant acid-neutralizing properties and would not provide relief from acidity. In

large quantities, it can even be harmful.

Step 3: Identify the remedy that can neutralize stomach acid.

Baking soda solution is a basic solution that reacts with and neutralizes excess stomach acid,

providing relief from acidity.
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Quick Tip

Remember that antacids, which are commonly used to treat acidity, often contain bases

like bicarbonates, carbonates, or hydroxides of metals such as magnesium, aluminium,

or calcium to neutralize stomach acid.

113. Which of the following can be used as olfactory indicators?

(1) Vanilla essence, turmeric and clove oil

(2) Red cabbage, vanilla essence and onion

(3) Turmeric, onion and litmus

(4) Vanilla essence, onion and clove oil

Correct Answer: (4) Vanilla essence, onion and clove oil

Solution: Step 1: Recall the definition of olfactory indicators.

Olfactory indicators change their smell depending on whether they are in an acidic or basic

solution.

Step 2: Evaluate the olfactory properties of each substance.

Vanilla essence: Smell changes in basic solution.

Turmeric: Primarily a visual indicator (color change).

Clove oil: Smell changes in basic solution.

Red cabbage: Primarily a visual indicator (color change).

Onion: Smell changes in basic solution.

Litmus: A visual indicator (color change).

Step 3: Identify the set containing only olfactory indicators.

Vanilla essence, onion, and clove oil all exhibit a change in smell in basic conditions.

Quick Tip

Olfactory indicators are identified by a change in their odor in acidic or basic media.

114. Phenolphthalein is used as an indicator in the reaction between

(1) acid and base

(2) acid and metal
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(3) base and metal oxide

(4) acid and non-metallic oxide

Correct Answer: (1) acid and base

Solution: Step 1: Understand the function of an indicator.

An indicator is a substance that shows a visible change, usually a colour change, when the

conditions in its environment change, particularly the pH. It is often used to determine the

endpoint of a titration reaction.

Step 2: Recall the colour changes of phenolphthalein in different pH ranges.

Phenolphthalein is a pH indicator that is:

• Colourless in acidic solutions (pH < 8.2)

• Pink to magenta in basic solutions (pH > 10.0)

• Colour changes occur in the pH range of 8.2 to 10.0

Step 3: Analyze the given reaction types.

Acid and base: The reaction between an acid and a base is a neutralization reaction, which

results in a change in pH. Phenolphthalein’s colour change in the pH range of 8.2 to 10.0

makes it suitable for indicating the endpoint of titrations involving strong acids and strong

bases, or strong acids and weak bases where the equivalence point is in the basic range.

Acid and metal: The reaction between an acid and a metal typically produces a salt and

hydrogen gas. This reaction does not necessarily involve a significant change in pH that

would be effectively indicated by phenolphthalein.

Base and metal oxide: The reaction between a base and a metal oxide usually does not occur,

except for amphoteric metal oxides. Even if a reaction occurs, it may not involve a clear pH

change suitable for phenolphthalein.

Acid and non-metallic oxide: The reaction between an acid and a non-metallic oxide

generally does not occur. Non-metallic oxides are typically acidic or neutral and react with

bases.

Step 4: Identify the reaction type where phenolphthalein is commonly used as an

indicator.

Phenolphthalein is most commonly used as an indicator in acid-base titrations where the pH

at the equivalence point is in the basic range, allowing for a clear colour change from
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colourless to pink.

Quick Tip

Remember the colour change of phenolphthalein: ”Pink in base.” This helps in recalling

its use in reactions that lead to a basic pH.

115. Which of the following is a synthetic indicator?

(1) Turmeric

(2) Methyl orange

(3) Litmus solution

(4) Red cabbage extract

Correct Answer: (2) Methyl orange

Solution: Step 1: Understand the difference between natural and synthetic indicators.

Indicators are substances that change colour with a change in pH. They can be obtained from

natural sources or synthesized in the laboratory.

Step 2: Analyze the origin of each of the given indicators.

• Turmeric: Turmeric is a common spice obtained from the turmeric plant. It acts as a

natural pH indicator, turning yellow in acidic and neutral solutions and reddish-brown in

basic solutions.

• Methyl orange: Methyl orange is an azo dye synthesized in the laboratory. It is a

synthetic pH indicator that shows a colour change from red in acidic solutions to yellow

in basic solutions, with a transition range of pH 3.1 to 4.4.

• Litmus solution: Litmus is a natural indicator obtained from lichens. It is commonly

used in the form of litmus paper (red and blue) or as a solution. Blue litmus turns red in

acidic solutions, and red litmus turns blue in basic solutions.

• Red cabbage extract: Red cabbage contains pigments called anthocyanins that change

colour depending on the pH of the solution. It is a natural indicator, showing a range of

colours from red in acidic solutions to green and yellow in alkaline solutions.

Step 3: Identify the synthetic indicator among the options.
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Methyl orange is synthesized chemically in the laboratory, making it a synthetic indicator.

Turmeric, litmus solution, and red cabbage extract are obtained from natural sources.

Quick Tip

Common synthetic indicators include methyl orange, phenolphthalein, and methyl red.

Natural indicators are derived from plants or other natural materials.

116. Why do acidic solutions conduct electricity?

(1) Due to the presence of water molecules

(2) Due to the presence of free electrons

(3) Due to the presence of ions in the solution

(4) Because acids are solid conductors

Correct Answer: (3) Due to the presence of ions in the solution

Solution: Step 1: Understand the mechanism of electrical conduction in solutions.

Electrical conductivity in a solution requires the presence of mobile charged particles, which

are typically ions. These ions can carry an electric current when a voltage is applied across

the solution.

Step 2: Analyze what happens when an acid dissolves in water.

Acids are substances that, when dissolved in water, produce hydrogen ions (H+). For

example, hydrochloric acid (HCl) dissociates in water as follows:

HCl(g)
H2O−−−→ H+(aq) + Cl−(aq)

In reality, the H+ ion exists as a hydronium ion (H3O
+) due to its strong interaction with

water molecules:

H+(aq) +H2O(l) → H3O
+(aq)

So, an acidic solution contains hydronium ions (H3O
+) and the anions of the acid (e.g., Cl−

for hydrochloric acid, SO2−
4 for sulfuric acid).

Step 3: Evaluate the given options.

1. Due to the presence of water molecules: While water is the solvent in acidic solutions,

water molecules themselves are neutral and do not carry an electric charge. Pure water

is a poor conductor of electricity.
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2. Due to the presence of free electrons: Free electrons are the charge carriers in metals,

which are solid conductors. In solutions, the charge carriers are ions, not free electrons.

3. Due to the presence of ions in the solution: As explained in Step 2, acids produce ions

when dissolved in water. These mobile ions (H3O
+ and anions) can carry an electric

current, making acidic solutions conductive.

4. Because acids are solid conductors: Most pure acids are not solid conductors. For

example, hydrochloric acid is a gas, sulfuric acid is a liquid, and solid acids like citric

acid do not conduct electricity well in their solid state. It is when acids are dissolved in

water that they form ions and conduct electricity.

Step 4: Conclude why acidic solutions conduct electricity.

Acidic solutions conduct electricity due to the presence of mobile ions (hydronium ions and

anions) formed when the acid dissociates in water. These ions act as charge carriers.

Quick Tip

Remember that electrolytes are substances that produce ions when dissolved in water

and conduct electricity. Acids, bases, and salts are electrolytes.

117. Tooth decay begins when the pH of the mouth drops below:

(1) 6.5

(2) 5.5

(3) 4.5

(4) 7.0

Correct Answer: (2) 5.5

Solution: Step 1: Recall the normal pH of the mouth.

The typical pH of a healthy mouth is around 6.5-7.0.

Step 2: Understand the demineralization of tooth enamel.

Tooth enamel starts to erode when the pH falls below a critical level.

Step 3: Identify the pH threshold for tooth decay.

Tooth decay begins when the pH of the mouth drops below 5.5.
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Quick Tip

pH ¡ 5.5 in the mouth can lead to tooth decay.

118. What chemical is responsible for the pain caused by a bee sting?

(1) Methanoic acid

(2) Hydrochloric acid

(3) Acetic acid

(4) Sulphuric acid

Correct Answer: (1) Methanoic acid

Solution: Step 1: Recall the components of bee venom.

Bee venom contains various substances that cause pain and irritation.

Step 2: Identify the primary acid responsible for the pain.

Methanoic acid (formic acid) is the main chemical responsible for the stinging pain.

Step 3: Consider other options.

Hydrochloric acid is found in the stomach.

Acetic acid is the acid in vinegar.

Sulphuric acid is a strong corrosive acid not found in bee venom.

Quick Tip

Bee stings contain methanoic acid, which causes the pain.

119. What is the chemical formula of Plaster of Paris?

(1) CaSO4 · 2H2O

(2) CaSO4 · 1
2H2O

(3) CaCO3

(4) CaOCl2

Correct Answer: (2) CaSO4 · 1
2H2O

Solution: Step 1: Recall the composition of Plaster of Paris.

Plaster of Paris is a hemihydrate of calcium sulfate. This means that for every two molecules
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of calcium sulfate, there is one molecule of water of crystallization.

Step 2: Relate the composition to the chemical formula.

Calcium sulfate has the chemical formula CaSO4. The term ”hemihydrate” indicates that the

ratio of water molecules to calcium sulfate units is 1
2 . Therefore, the chemical formula of

Plaster of Paris is CaSO4 · 1
2H2O. This can also be represented as (CaSO4)2 ·H2O.

Step 3: Analyze the given options.

(1) CaSO4 · 2H2O is the chemical formula of gypsum, which is calcium sulfate dihydrate.

(2) CaSO4 · 1
2H2O is the chemical formula of Plaster of Paris, calcium sulfate hemihydrate.

(3) CaCO3 is the chemical formula of calcium carbonate, commonly known as limestone,

chalk, or marble.

(4) CaOCl2 is the chemical formula of calcium hypochlorite, a component of bleaching

powder.

Step 4: Identify the correct chemical formula for Plaster of Paris.

The chemical formula of Plaster of Paris is CaSO4 · 1
2H2O.

Quick Tip

Remember the relationship between gypsum and Plaster of Paris. Gypsum (CaSO4 ·

2H2O) loses water upon heating to form Plaster of Paris (CaSO4 · 1
2H2O).

120. Which property of metals describes their shiny surface?

(1) Malleability

(2) Ductility

(3) Metallic luster

(4) Conductivity

Correct Answer: (3) Metallic luster

Solution: Step 1: Understand the properties of metals.

Metals possess several characteristic physical properties, including malleability, ductility,

metallic luster, and conductivity.

Step 2: Define each of the given properties.

Malleability: The ability of a metal to be hammered or rolled into thin sheets without
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breaking.

Ductility: The ability of a metal to be drawn into thin wires.

Metallic luster: The characteristic shine or gloss of a metal surface.

This is due to the interaction of light with the free electrons present in the metallic structure.

Conductivity: The ability of a metal to conduct heat and electricity due to the presence of

mobile electrons.

Step 3: Relate the shiny surface of metals to the appropriate property.

The shiny appearance of metals is specifically described by the term metallic luster. The free

electrons in the metal absorb and re-emit light, giving them their characteristic shine.

Step 4: Identify the property that describes the shiny surface of metals.

Metallic luster is the property of metals that describes their shiny surface.

Quick Tip

Think about the visual appearance of metals like silver, gold, and copper – their shine

is what we refer to as metallic luster.
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