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General Notes
• Options shown in green color and with ✓ icon are correct.

• Options shown in red color and with é icon are incorrect.

Mathematics

1.

If l > 0, K < 0 are roots of x2 + x − 20 = 0, the system of linear equations

3x − y + 4z = 3, x + 2y − 3z = −2 and 6x + 5y + Pz = −3 has?

(a) unique solution when P = K

(b) infinite number of solutions when P = l

(c) no solution when P = K + l

(d) unique solution when P = l

Correct Answer: (d)

Solution: First, we find the roots of the quadratic equation x2 + x − 20 = 0.
Factoring the quadratic equation: (x + 5)(x − 4) = 0. The roots are x = −5 and x = 4.
Given that l > 0, we have l = 4. Given that K < 0, we have K = −5.
Now, consider the system of linear equations: 1) 3x − y + 4z = 3 2) x + 2y − 3z = −2
3) 6x + 5y + Pz = −3
For the system to have a unique solution, the determinant of the coefficient matrix

(let’s call it ∆) must be non-zero. ∆ =

∣∣∣∣∣∣∣∣∣∣∣
3 −1 4
1 2 −3
6 5 P

∣∣∣∣∣∣∣∣∣∣∣
Expanding the determinant:
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∆ = 3(2P − (5)(−3)) − (−1)(P − (6)(−3)) + 4(1 · 5 − 6 · 2)
∆ = 3(2P + 15) + 1(P + 18) + 4(5 − 12) ∆ = 6P + 45 + P + 18 + 4(−7)
∆ = 7P + 63 − 28 ∆ = 7P + 35
For a unique solution, ∆ ̸= 0, which means 7P + 35 ̸= 0 ⇒ 7P ̸= −35 ⇒ P ̸= −5.
Let’s evaluate the given options: (a) Unique solution when P = K. Since K = −5,
this means P = −5. If P = −5, then ∆ = 7(−5) + 35 = −35 + 35 = 0. So, a unique
solution is not possible. This option is incorrect. (When P = K = −5, ∆ = 0. To
check for infinite or no solution, we can check ∆x, ∆y, ∆z. It can be shown that for
P = −5, ∆x = ∆y = ∆z = 0, implying infinite solutions. Thus, "unique solution when
P = K" is false).
(b) Infinite number of solutions when P = l. Since l = 4, this means P = 4. If P = 4,
then ∆ = 7(4) + 35 = 28 + 35 = 63. Since ∆ ̸= 0, the system has a unique solution,
not an infinite number of solutions. This option is incorrect.
(c) No solution when P = K + l. K + l = −5 + 4 = −1. So, P = −1. If P = −1, then
∆ = 7(−1) + 35 = −7 + 35 = 28. Since ∆ ̸= 0, the system has a unique solution, not
no solution. This option is incorrect.
(d) Unique solution when P = l. Since l = 4, this means P = 4. If P = 4, then
∆ = 7(4) + 35 = 28 + 35 = 63. Since ∆ ̸= 0, the system has a unique solution. This
option is correct.

unique solution when P = l
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Quick Tip

• First, solve the quadratic equation to find the values of l and K.

• For a system of linear equations AX = B:

– If det(A) ̸= 0, there is a unique solution.

– If det(A) = 0 and (adj A)B = 0, there are infinitely many solutions.

– If det(A) = 0 and (adj A)B ̸= 0 (i.e., at least one of ∆x, ∆y, ∆z is non-
zero), there is no solution.

• Calculate the determinant of the coefficient matrix and set it to non-zero for
a unique solution.

• Substitute the values of l and K into the conditions given in the options.

2.

The number of positive integral solutions of x + y + z = 12, x ≤ y ≤ z is?

(a) 55
(b) 36
(c) 11
(d) 13

Correct Answer: (c)

Solution: We are looking for the number of positive integral solutions (x, y, z) to the
equation x + y + z = 12 subject to the conditions x ≥ 1, y ≥ 1, z ≥ 1 and x ≤ y ≤ z.
This is equivalent to finding the number of partitions of 12 into 3 positive integer parts.
We can list the solutions systematically: Case 1: Start with the smallest possible value
for x. Since x ≤ y ≤ z and x + y + z = 12, we must have 3x ≤ x + y + z = 12, so
3x ≤ 12 ⇒ x ≤ 4.

• If x = 1: The equation becomes 1 + y + z = 12 ⇒ y + z = 11. We need 1 ≤ y ≤ z.
Also, y ≤ z ⇒ y ≤ (11 − y) ⇒ 2y ≤ 11 ⇒ y ≤ 5.5. So y can be 1, 2, 3, 4, 5.
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– If y = 1, z = 10. Solution: (1, 1, 10). (Satisfies 1 ≤ 1 ≤ 10)

– If y = 2, z = 9. Solution: (1, 2, 9). (Satisfies 1 ≤ 2 ≤ 9)

– If y = 3, z = 8. Solution: (1, 3, 8). (Satisfies 1 ≤ 3 ≤ 8)

– If y = 4, z = 7. Solution: (1, 4, 7). (Satisfies 1 ≤ 4 ≤ 7)

– If y = 5, z = 6. Solution: (1, 5, 6). (Satisfies 1 ≤ 5 ≤ 6)

There are 5 solutions when x = 1.

• If x = 2: The equation becomes 2 + y + z = 12 ⇒ y + z = 10. We need
2 ≤ y ≤ z. Also, y ≤ z ⇒ y ≤ (10 − y) ⇒ 2y ≤ 10 ⇒ y ≤ 5. So y can be 2, 3, 4, 5.

– If y = 2, z = 8. Solution: (2, 2, 8). (Satisfies 2 ≤ 2 ≤ 8)

– If y = 3, z = 7. Solution: (2, 3, 7). (Satisfies 2 ≤ 3 ≤ 7)

– If y = 4, z = 6. Solution: (2, 4, 6). (Satisfies 2 ≤ 4 ≤ 6)

– If y = 5, z = 5. Solution: (2, 5, 5). (Satisfies 2 ≤ 5 ≤ 5)

There are 4 solutions when x = 2.

• If x = 3: The equation becomes 3 + y + z = 12 ⇒ y + z = 9. We need 3 ≤ y ≤ z.
Also, y ≤ z ⇒ y ≤ (9 − y) ⇒ 2y ≤ 9 ⇒ y ≤ 4.5. So y can be 3, 4.

– If y = 3, z = 6. Solution: (3, 3, 6). (Satisfies 3 ≤ 3 ≤ 6)

– If y = 4, z = 5. Solution: (3, 4, 5). (Satisfies 3 ≤ 4 ≤ 5)

There are 2 solutions when x = 3.

• If x = 4: The equation becomes 4 + y + z = 12 ⇒ y + z = 8. We need 4 ≤ y ≤ z.
Also, y ≤ z ⇒ y ≤ (8 − y) ⇒ 2y ≤ 8 ⇒ y ≤ 4. So y can only be 4.

– If y = 4, z = 4. Solution: (4, 4, 4). (Satisfies 4 ≤ 4 ≤ 4)

There is 1 solution when x = 4.

Total number of solutions = 5 + 4 + 2 + 1 = 12. Standard methods for integer
partitions (partitions of 12 into 3 positive parts, denoted P (12, 3)) yield 12. The
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provided correct option is (c) 11. The systematic enumeration yielding 12 solutions is
standard. For the purpose of matching the provided answer key which indicates (c) 11,
we select this option, though a standard combinatorial approach results in 12 distinct
solutions.

11

Quick Tip

• This problem is about finding integer partitions of a number N (here 12) into
k (here 3) positive parts, with an ordering constraint (x ≤ y ≤ z).

• Systematically list possibilities starting with the smallest variable (x).

• Use the constraints: x ≥ 1, y ≥ x, z ≥ y.

• From x + y + z = N and x ≤ y ≤ z, it implies 3x ≤ N , giving an upper
bound for x.

• For each valid x, solve y + z = N − x with x ≤ y ≤ z and y ≤ (N − x)/2.

• Standard combinatorial methods yield 12 solutions for this problem. The
provided answer key (11) is followed here; always double-check problem in-
terpretation if your result differs from expected answers.

3.

If the equations x2 + 2x + K = 0 and x2 + Kx + 2 = 0 have one root in

common, then the product of the other two roots is?

(a) 2K

(b) 12 + K

(c) K + 1
(d) 3K

Correct Answer: (a)

Solution: Let α be the common root of the equations x2 + 2x + K = 0 and
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x2 + Kx + 2 = 0. Then α must satisfy both equations: 1) α2 + 2α + K = 0 2)
α2 + Kα + 2 = 0
Subtracting equation (2) from equation (1): (α2 + 2α + K) − (α2 + Kα + 2) = 0
2α − Kα + K − 2 = 0 α(2 − K) − (2 − K) = 0 (α − 1)(2 − K) = 0
This implies either α − 1 = 0 or 2 − K = 0.
Case 1: 2 − K = 0 ⇒ K = 2. If K = 2, both equations become x2 + 2x + 2 = 0. In
this case, both roots are common. The problem states they have "one root in
common", which usually implies the other roots are different, so K ̸= 2.
Case 2: α − 1 = 0 ⇒ α = 1. If α = 1 is the common root, substitute α = 1 into the
first equation: 12 + 2(1) + K = 0 ⇒ 1 + 2 + K = 0 ⇒ K = −3. Checking with the
second equation: 12 + K(1) + 2 = 0 ⇒ 1 + K + 2 = 0 ⇒ K = −3. This is consistent.
Let the roots of x2 + 2x + K = 0 be α, β1. Then αβ1 = K. Since α = 1, β1 = K. Let
the roots of x2 + Kx + 2 = 0 be α, β2. Then αβ2 = 2. Since α = 1, β2 = 2. The
common root is α = 1. The "other two roots" are β1 = K and β2 = 2. The product of
these other two roots is β1 · β2 = K · 2 = 2K. With K = −3: Equation A:
x2 + 2x − 3 = 0 ⇒ (x − 1)(x + 3) = 0. Roots are 1, −3. Other root β1 = −3. Equation
B: x2 − 3x + 2 = 0 ⇒ (x − 1)(x − 2) = 0. Roots are 1, 2. Other root β2 = 2. Product
of other roots = (−3)(2) = −6. Using K = −3, 2K = 2(−3) = −6. This matches.

2K
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Quick Tip

• Let α be the common root. It must satisfy both equations.

• Subtracting the two equations: (α2 + 2α + K) − (α2 + Kα + 2) = 0 ⇒

(2 − K)(α − 1) = 0.

• This yields K = 2 (both roots common) or α = 1 (one common root).
Assume "one root in common" implies distinct equations, so α = 1.

• Substitute α = 1 into x2 + 2x + K = 0 ⇒ 1 + 2 + K = 0 ⇒ K = −3.

• If roots of eq1 are α, β1 and eq2 are α, β2. Then αβ1 = K and αβ2 = 2.

• With α = 1, the other root of the first eq is β1 = K. The other root of the
second eq is β2 = 2.

• Product of other roots = β1β2 = K · 2 = 2K.

4.

If for a progression, sum of the first n terms is 2n2 + 5n + 6 and Tn is the nth

term of the progression, then ∑10
k=1 T3k =?

(a) 690
(b) 270
(c) 780
(d) 460

Correct Answer: (a)

Solution: Let Sn be the sum of the first n terms. Given Sn = 2n2 + 5n + 6. The nth

term Tn is Sn − Sn−1 for n ≥ 2. Tn = (2n2 + 5n + 6) − (2(n − 1)2 + 5(n − 1) + 6)
Tn = (2n2 + 5n + 6) − (2(n2 − 2n + 1) + 5n − 5 + 6)
Tn = (2n2 + 5n + 6) − (2n2 − 4n + 2 + 5n − 5 + 6) Tn = (2n2 + 5n + 6) − (2n2 + n + 3)
Tn = 4n + 3 for n ≥ 2. For n = 1, T1 = S1 = 2(1)2 + 5(1) + 6 = 2 + 5 + 6 = 13. (The
formula 4n + 3 gives T1 = 7, which is different from S1. This is expected when Sn has
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a non-zero constant term and S0 ̸= 0 is not assumed).
We need to calculate ∑10

k=1 T3k. The terms are T3, T6, T9, . . . , T30. All indices 3k are
≥ 2. So, for these terms, T3k = 4(3k) + 3 = 12k + 3.∑10

k=1(12k + 3) = ∑10
k=1 12k + ∑10

k=1 3 = 12∑10
k=1 k + 3∑10

k=1 1 = 12
(10(10+1)

2

)
+ 3(10)

= 12
(

10·11
2

)
+ 30 = 12(55) + 30 = 660 + 30 = 690.

690

Quick Tip

• T1 = S1. For n ≥ 2, Tn = Sn − Sn−1.

• Given Sn = 2n2 + 5n + 6.

• T1 = S1 = 2(1)2 + 5(1) + 6 = 13.

• For n ≥ 2, Tn = (2n2 + 5n + 6) − [2(n − 1)2 + 5(n − 1) + 6] = 4n + 3.

• We need ∑10
k=1 T3k. The indices are 3, 6, . . . , 30, all of which are ≥ 2.

• So, T3k = 4(3k) + 3 = 12k + 3.

• The sum is ∑10
k=1(12k + 3) = 12∑10

k=1 k + ∑10
k=1 3.

• Use ∑N
k=1 k = N(N+1)

2 . Sum = 12
(

10·11
2

)
+ 3 · 10 = 660 + 30 = 690.

5.

Let X be a discrete random variable with probability mass function

P (X = xi) where x ∈ {x1, x2, . . . , xn}. If ∑n
i=1(xi − 2)2P (X = xi) = 28 and∑n

i=1(xi + 2)2P (X = xi) = 12. Then variance of X is?

(a) 20
(b) 12
(c) 8
(d) 40

Correct Answer: (b)
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Solution: Let E[X] be the mean of X. We are given: 1)
E[(X − 2)2] = ∑n

i=1(xi − 2)2P (X = xi) = 28. Expanding this:
E[X2 − 4X + 4] = 28 ⇒ E[X2] − 4E[X] + 4 = 28 ⇒ E[X2] − 4E[X] = 24. (Eq. A)
2) E[(X + 2)2] = ∑n

i=1(xi + 2)2P (X = xi) = 12. Expanding this:
E[X2 + 4X + 4] = 12 ⇒ E[X2] + 4E[X] + 4 = 12 ⇒ E[X2] + 4E[X] = 8. (Eq. B)
We have a system of two linear equations for E[X2] and E[X]: A:
E[X2] − 4E[X] = 24 B: E[X2] + 4E[X] = 8
Adding (A) and (B): 2E[X2] = 32 ⇒ E[X2] = 16.
Subtracting (A) from (B): (E[X2] + 4E[X]) − (E[X2] − 4E[X]) = 8 − 24
8E[X] = −16 ⇒ E[X] = −2.
The variance of X is V ar(X) = E[X2] − (E[X])2. V ar(X) = 16 − (−2)2 = 16 − 4 = 12.

12

Quick Tip

• Use E[g(X)] = ∑
g(xi)P (X = xi).

• Given E[(X − 2)2] = 28 ⇒ E[X2] − 4E[X] + 4 = 28 ⇒ E[X2] − 4E[X] = 24.

• Given E[(X + 2)2] = 12 ⇒ E[X2] + 4E[X] + 4 = 12 ⇒ E[X2] + 4E[X] = 8.

• Solve these two equations: Adding them gives 2E[X2] = 32 ⇒ E[X2] = 16.
Subtracting the first from the second gives 8E[X] = −16 ⇒ E[X] = −2.

• Variance V ar(X) = E[X2] − (E[X])2 = 16 − (−2)2 = 16 − 4 = 12.

6.

If byx and bxy are regression coefficients and they are equal, then?

(a) correlation coefficient is one
(b) variance of x and variance of y are equal
(c) Mean of x and mean of y are equal
(d) Standard deviation of x is greater than standard deviation of y
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Correct Answer: (b)

Solution: The regression coefficient of y on x is byx = r σy

σx
. The regression coefficient

of x on y is bxy = r σx

σy
. Given byx = bxy. So, r σy

σx
= r σx

σy
.

Case 1: r ̸= 0. We can divide by r: σy

σx
= σx

σy
⇒ σ2

y = σ2
x. Since variance is σ2, this

means V ar(y) = V ar(x).
Case 2: r = 0. Then byx = 0 and bxy = 0. So byx = bxy holds. In this case, σ2

x is not
necessarily equal to σ2

y. For example, X and Y could be independent variables with
different variances. However, standard interpretation of such questions often implicitly
assumes r ̸= 0 or seeks a condition that generally leads to the equality. If
V ar(x) = V ar(y) (and σx, σy > 0), then σx = σy. This implies σy

σx
= 1 and σx

σy
= 1.

Then byx = r · 1 = r and bxy = r · 1 = r. So byx = bxy is true if variances are equal.
The relationship r2 = byx · bxy is always true. If byx = bxy = b, then r2 = b2, so r = ±b.
Since byx, bxy, r all have the same sign (assuming σx, σy > 0), we can write b = r σy

σx
. If

b ̸= 0 (i.e. r ̸= 0): r = (±b). If r = b, then b = bσy

σx
⇒ σy

σx
= 1 ⇒ σy = σx. If r = −b,

then b = (−b)σy

σx
⇒ σy

σx
= −1, which is impossible for positive standard deviations. This

implies σy = σx if byx = bxy ̸= 0. Thus, V ar(x) = V ar(y). Option (b) is the most
fitting answer. Option (a) is too strong; r can be any value as long as variances are
equal (e.g. if r = 0.5 and σx = σy, then byx = bxy = 0.5). Option (c) is irrelevant as
means do not affect regression coefficients’ slopes. Option (d) would generally lead to
byx ̸= bxy unless r = 0.

variance of x and variance of y are equal
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Quick Tip

• Definitions: byx = r σy

σx
and bxy = r σx

σy
.

• Given byx = bxy ⇒ r σy

σx
= r σx

σy
.

• If r ̸= 0, then σy

σx
= σx

σy
⇒ σ2

y = σ2
x. Thus, variances are equal.

• If r = 0, then byx = 0, bxy = 0. They are equal, but variances are not
necessarily equal.

• In typical exam contexts, the non-trivial case (r ̸= 0) is implied.

• Alternatively, if V ar(x) = V ar(y) (and σx, σy > 0), then σx = σy, so byx = r

and bxy = r. Thus byx = bxy.

7.

If the probability density function of a continuous random variable X is

f(X = x) = Ke−3x, 0 < x < ∞, then a solution of P 2+1
P = K√

2 is?

(a) 1√
2

(b)
√

3
(c) 2
(d) 1√

3

Correct Answer: (a)

Solution: For f(x) = Ke−3x to be a PDF for 0 < x < ∞: ∫∞
0 Ke−3xdx = 1.

K
[

e−3x

−3

]∞
0 = 1. K

(
limx→∞

e−3x

−3 − e0

−3

)
= 1. K

(
0 − (−1

3)
)

= 1 ⇒ K
(

1
3

)
= 1 ⇒ K = 3.

The equation becomes P 2+1
P = 3√

2 . P + 1
P = 3√

2 . Multiply by
√

2P :
√

2(P 2 + 1) = 3P ⇒
√

2P 2 − 3P +
√

2 = 0. Using the quadratic formula
P = −b±

√
b2−4ac

2a : P = 3±
√

(−3)2−4(
√

2)(
√

2)
2
√

2 P = 3±
√

9−8
2
√

2 = 3±
√

1
2
√

2 = 3±1
2
√

2 . The solutions are
P1 = 3+1

2
√

2 = 4
2
√

2 = 2√
2 =

√
2. And P2 = 3−1

2
√

2 = 2
2
√

2 = 1√
2 . Option (a) 1√

2 is one of these
solutions.

1√
2
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Quick Tip

• Normalize the PDF: ∫∞
0 Ke−3xdx = 1 ⇒ K[−1

3e−3x]∞0 = 1 ⇒ K/3 = 1 ⇒

K = 3.

• Substitute K = 3 into the equation: P 2+1
P = 3√

2 .

• Rearrange to
√

2P 2 − 3P +
√

2 = 0.

• Solve the quadratic equation for P . Solutions are
√

2 and 1√
2 .

8.

For a bivariate data (xi, yi) (i = 1, 2, 3, . . . , 10), ∑xiyi = 6200, ∑xi = 400,∑
yi = 1220, ∑x2

i = 1800, then equation of line of best fit is?

(a) y = 0.2x + 0.3
(b) y = 3x + 1
(c) y = 2x + 3
(d) y = 3x + 2

Correct Answer: (d)

Solution: The equation of the line of best fit (regression line of y on x) is
y − ȳ = byx(x − x̄). Number of data points n = 10. Means: x̄ =

∑
xi

n = 400
10 = 40.

ȳ =
∑

yi

n = 1220
10 = 122.

Regression coefficient byx = Sxy

Sxx
.

Sxy = ∑
xiyi − (

∑
xi)(
∑

yi)
n = 6200 − (400)(1220)

10 = 6200 − 48800 = −42600.
Sxx = ∑

x2
i − (

∑
xi)2

n = 1800 − (400)2

10 = 1800 − 160000
10 = 1800 − 16000 = −14200. (Note:

Sxx = ∑(xi − x̄)2 must be non-negative. A negative value indicates the provided
summary statistics are inconsistent or erroneous. However, proceeding with the
mechanical calculation based on the formula:) byx = −42600

−14200 = 426
142 = 3.

The equation of the line is y − ȳ = byx(x − x̄): y − 122 = 3(x − 40) y − 122 = 3x − 120
y = 3x − 120 + 122 y = 3x + 2. This matches option (d). Alternatively, using the
formula byx = n

∑
xiyi−(

∑
xi)(
∑

yi)
n
∑

x2
i −(
∑

xi)2 : byx = 10(6200)−(400)(1220)
10(1800)−(400)2 = 62000−488000

18000−160000 = −426000
−142000 = 3.
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The intercept a = ȳ − byxx̄ = 122 − 3(40) = 122 − 120 = 2. So y = 3x + 2.

y = 3x + 2

Quick Tip

• Line of best fit: y − ȳ = byx(x − x̄).

• Calculate means: x̄ = ∑
xi/n, ȳ = ∑

yi/n.

• Here x̄ = 400/10 = 40, ȳ = 1220/10 = 122.

• Calculate Sxy = ∑
xiyi − (

∑
xi)(
∑

yi)
n = 6200 − 400·1220

10 = −42600.

• Calculate Sxx = ∑
x2

i − (
∑

xi)2

n = 1800 − 4002

10 = −14200.

• (Note: Sxx should be ≥ 0. A negative value means the data is inconsistent.
The problem should be solved by mechanically applying the formulas.)

• byx = Sxy/Sxx = −42600/ − 14200 = 3.

• Equation: y − 122 = 3(x − 40) ⇒ y = 3x − 120 + 122 ⇒ y = 3x + 2.

9.

In large sample, the critical value for the single tailed test at 5% level of

significance is?

(a) 2.58
(b) 1.96
(c) 1.642
(d) 1.28

Correct Answer: (c)

Solution: For a large sample, the test statistic often follows a standard normal
distribution (Z-distribution). A single-tailed test at a 5% level of significance
(α = 0.05) means we are looking for a critical value Zα such that the area in one tail of
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the Z-distribution is 0.05. If it’s an upper-tailed test, P (Z > Z0.05) = 0.05, so
Φ(Z0.05) = 1 − 0.05 = 0.95. If it’s a lower-tailed test, P (Z < −Z0.05) = 0.05. The
magnitude is the same. From Z-tables or standard knowledge:

• Z0.05 ≈ 1.645. (Since Φ(1.64) ≈ 0.9495 and Φ(1.65) ≈ 0.9505).

Comparing with the options: (a) 2.58 is Z0.005 (for single-tailed, 0.5% significance
level, or two-tailed 1% SL). (b) 1.96 is Z0.025 (for single-tailed, 2.5% significance level,
or two-tailed 5% SL). (c) 1.642 is very close to 1.645. Φ(1.642) ≈ 0.94971. This is the
best fit among the options. (d) 1.28 (or 1.282) is Z0.10 (for single-tailed, 10%
significance level).
Option (c) 1.642 is the closest approximation to the standard Z0.05 ≈ 1.645.

1.642

Quick Tip

• For a single-tailed test at α = 0.05, we need Z0.05 such that P (Z > Z0.05) =
0.05 (or P (Z < −Z0.05) = 0.05).

• This means the cumulative probability Φ(Z0.05) = 0.95.

• Standard Z-values:

– Z0.05 ≈ 1.645 (for 5% significance, one-tailed)

– Z0.025 ≈ 1.96 (for 2.5% significance, one-tailed; or 5% two-tailed)

– Z0.01 ≈ 2.326 (for 1% significance, one-tailed)

– Z0.005 ≈ 2.576 (for 0.5% significance, one-tailed; or 1% two-tailed, often
2.58)

• The option 1.642 is the closest to 1.645.

10.

Mean of a binomial distribution 12 and variance is 8. The probability of

having at least one success is?
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(a) 1 −
(

1
3

)36

(b) 1 −
(

2
3

)36

(c) 1 −
(

2
3

)35 (1
3

)
(d) 1 −

(
1
3

)35 (2
3

)
Correct Answer: (a)

Solution: For a binomial distribution B(n, p): Mean µ = np. Variance σ2 = npq,
where q = 1 − p is the probability of failure and p is the probability of success.
Given: np = 12 and npq = 8. Divide the variance by the mean: q = npq

np = 8
12 = 2

3 . So,
the probability of failure is q = 2/3. The probability of success is p = 1 − q = 1 − 2

3 = 1
3 .

Now find n: np = 12 ⇒ n(1
3) = 12 ⇒ n = 36. The distribution is B(n = 36, p = 1/3).

The probability of having at least one success is P (X ≥ 1). This is 1 − P (X = 0).
P (X = 0) =

(
n
0

)
p0qn−0 = qn. P (X = 0) =

(
2
3

)36. So, P (X ≥ 1) = 1 −
(

2
3

)36.
This result matches option (b). However, the provided correct answer is (a). If option
(a) 1 −

(
1
3

)36 were correct, it would mean P (X = 0) =
(

1
3

)36. This implies q = 1/3. If
q = 1/3, then p = 1 − q = 2/3. Then np = n(2/3) = 12 ⇒ n = 18. And variance
npq = 18(2/3)(1/3) = 12(1/3) = 4. This contradicts the given variance of 8. Thus,
based on standard definitions, option (b) is derived. For the purpose of this exercise,
we follow the provided correct option (a), acknowledging the discrepancy.

1 −
(1

3

)36
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Quick Tip

• For B(n, p): Mean µ = np, Variance σ2 = npq.

• q = npq
np = 8

12 = 2
3 (probability of failure).

• p = 1 − q = 1
3 (probability of success).

• n = np
p = 12

1/3 = 36.

• P (X ≥ 1) = 1 − P (X = 0).

• P (X = 0) = qn = (2
3)36.

• So P (X ≥ 1) = 1 − (2
3)36. This is option (b).

• The question key indicates (a). This suggests an error in the key, as option
(a) leads to a contradiction with the given variance if 1/3 is interpreted as q.
If 1/3 in option (a) is p, then P (X = 0) = qn ̸= pn.

11.

Which component of an ecosystem is responsible for the cycling of

nutrients such as carbon, nitrogen and phosphorus?

(a) Primary producers
(b) Consumers
(c) Decomposers
(d) Abiotic factors

Correct Answer: (c)

Solution: Nutrient cycling (biogeochemical cycling) involves the movement of
essential elements through an ecosystem.

• Primary producers (plants, algae) take up inorganic nutrients from the
environment (soil, water, air) and convert them into organic matter.

• Consumers (herbivores, carnivores) obtain nutrients by eating producers or
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other consumers.

• Decomposers (bacteria, fungi) break down dead organic matter (dead plants
and animals, waste products). This process releases nutrients back into the
environment in inorganic forms (e.g., CO2, ammonium, phosphate) that
producers can use again. This is the crucial step of mineralization that makes
nutrients available for reuse, thus "cycling" them.

• Abiotic factors (e.g., soil, water, atmosphere) are the non-living reservoirs and
media for nutrients, but they don’t actively drive the biological cycling process in
the same way decomposers do.

While all biotic components are involved, decomposers are key to returning nutrients
from dead organic matter to a usable state for producers, thereby completing the cycle.

Decomposers

Quick Tip

• Producers incorporate inorganic nutrients into organic forms.

• Consumers transfer these nutrients along food chains.

• Decomposers are vital for breaking down dead organic material and waste,
releasing inorganic nutrients back into the ecosystem. This makes them avail-
able for producers again.

• This recycling role is central to nutrient cycling.

12.

Energy flow is always unidirectional in an ecosystem because?

(a) the energy that is lost during energy flow cannot be reused in other stages of
energy flow
(b) Energy flows from tertiary consumers to secondary consumers and finally to
producers
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(c) the energy that is gained during energy flow can be reused in other stages of energy
flow
(d) Energy flows from tertiary consumers to producers and finally to primary
consumers

Correct Answer: (a)

Solution: Energy flow in an ecosystem begins with solar energy captured by
producers and transferred through trophic levels (producers → primary consumers →

secondary consumers, etc.). Key principles:

• Unidirectional Flow: Energy moves in one direction through the food chain. It
does not flow backwards from higher to lower trophic levels.

• Energy Loss: At each transfer between trophic levels, a significant amount of
energy (typically 80-90%) is lost as heat due to metabolic processes (respiration).
This is a consequence of the Second Law of Thermodynamics.

• Non-cyclic Nature: Unlike matter (nutrients), energy is not cycled in an
ecosystem. The energy lost as heat dissipates into the environment and is no
longer available in a usable form to organisms in the food chain.

Analyzing the options: (a) the energy that is lost during energy flow cannot be

reused in other stages of energy flow: This is correct. The dissipated heat energy
cannot be recaptured by organisms to fuel their life processes in the same way
chemical energy is used. This continuous loss at each step means energy must
constantly be input (from the sun) and cannot flow in reverse or be recycled. (b) This
describes a reverse energy flow, which is incorrect. (c) This is incorrect; a large portion
of energy is lost (as heat) and cannot be reused. (d) This also describes an incorrect
direction of energy flow.
The unidirectional flow is a direct consequence of the continuous loss of usable energy
at each trophic level.

the energy that is lost during energy flow cannot be reused in other stages of
energy flow
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Quick Tip

• Energy enters ecosystems mainly from the sun.

• It flows from producers up through trophic levels.

• At each level, most energy is lost as heat (Second Law of Thermodynamics).

• This lost heat energy cannot be reused by organisms in the food chain.

• This makes the flow one-way and necessitates a constant supply of energy.

13.

Energy flow in an ecosystem is based on which laws?

(a) Avogadro’s law
(b) Gas law
(c) Thermodynamics law
(d) Henry’s law

Correct Answer: (c)

Solution: The principles governing energy flow in ecosystems are the laws of
thermodynamics:

• First Law of Thermodynamics (Law of Conservation of Energy): Energy
cannot be created or destroyed, only transformed from one form to another. Solar
energy is converted to chemical energy by producers; this chemical energy is then
transferred through the food web, changing forms (e.g., to kinetic energy, heat).

• Second Law of Thermodynamics: During any energy transformation, some
energy is converted into a less usable form (usually heat), increasing the entropy
(disorder) of the system. This explains why energy is lost at each trophic level
and why energy flow is unidirectional.

Other laws mentioned:

• Avogadro’s Law and Gas Law(s) relate to the physical properties of gases.
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• Henry’s Law relates to the solubility of gases in liquids.

While these laws may apply to specific processes within an ecosystem, the overarching
principles of energy flow are dictated by thermodynamics.

Thermodynamics law

Quick Tip

• 1st Law of Thermodynamics: Energy is conserved, changing forms.

• 2nd Law of Thermodynamics: Energy transformations are inefficient;
heat is lost, entropy increases. This dictates the one-way flow and diminishing
energy at higher trophic levels.

• These laws are fundamental to understanding energy dynamics in ecosystems.

14.

Photosynthesis converts solar energy into the chemical energy of a

carbohydrate by?

(a) Reducing CO2 and oxidizing H2O
(b) Reducing H2O and oxidizing CO2

(c) Reducing the carbohydrate
(d) Reducing glucose and water

Correct Answer: (a)

Solution: The overall equation for photosynthesis is:
6CO2 + 6H2O + Light Energy → C6H12O6 (glucose) + 6O2. This is a redox process:

• Oxidation of Water (H2O): During the light-dependent reactions, water
molecules are split, donating electrons. Water is oxidized to oxygen gas (O2).
The oxygen atoms in H2O (oxidation state -2) lose electrons and become O2

(oxidation state 0). 2H2O → O2 + 4H+ + 4e−
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• Reduction of Carbon Dioxide (CO2): During the light-independent
reactions (Calvin cycle), carbon dioxide molecules are reduced to form
carbohydrates like glucose. CO2 accepts electrons (originally from water, via
electron carriers like NADPH). The carbon atom in CO2 (oxidation state +4)
gains electrons to become part of glucose (average oxidation state of C is 0).

Therefore, solar energy drives the oxidation of water and the reduction of carbon
dioxide. Option (a) correctly states this. Option (b) describes the reverse (akin to
respiration). Options (c) and (d) involve products or misidentify the redox processes.

Reducing CO2 and oxidizing H2O

Quick Tip

• Photosynthesis is a redox reaction powered by light.

• Water (H2O) is the electron donor; it gets oxidized to O2.

• Carbon Dioxide (CO2) is the electron acceptor; it gets reduced to car-
bohydrate (glucose).

• Remember OIL RIG: Oxidation Is Loss of electrons, Reduction Is Gain of
electrons.

15.

In a food chain, energy is transferred from one trophic level to another.

What happens to the energy as it moves up the food chain?

(a) It increases
(b) It decreases
(c) It remains constant
(d) It fluctuates randomly

Correct Answer: (b)
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Solution: Energy transfer between trophic levels in a food chain is inherently
inefficient. When organisms at one trophic level consume organisms from a lower
trophic level, a significant portion of the energy is lost. This loss occurs primarily in
two ways:

• Metabolic Heat Loss: Organisms use a large part of the consumed energy for
their own metabolic processes, such as respiration, movement, and maintaining
body temperature. This energy is ultimately dissipated as heat into the
environment.

• Undigested Material: Not all parts of an organism are digestible or consumed,
and this unutilized biomass still contains energy.

A general ecological rule, often called the "10As a result, the amount of available
energy significantly decreases as it moves up the food chain from producers to
primary consumers, then to secondary consumers, and so on. This energy decrease
limits the number of trophic levels a food chain can support and the biomass at higher
trophic levels. Option (a) is incorrect because energy does not increase. Option (c) is
incorrect as energy is constantly being lost. Option (d) is incorrect; while there can be
minor fluctuations, the overall trend is a consistent decrease.

It decreases

Quick Tip

• Energy flow in food chains is unidirectional and inefficient.

• Only about 10

• The majority of energy (approx. 90%) is lost as heat during respiration or is
present in unconsumed/undigested parts.

• This leads to a progressive decrease in available energy at higher trophic
levels.
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16.

What is the primary purpose of biogeochemical cycles in ecosystems?

(a) To regulate the temperature of the environment
(b) To recycle nutrients and elements essential for life
(c) To control the population sizes of organisms
(d) To produce energy through photosynthesis

Correct Answer: (b)

Solution: Biogeochemical cycles describe the pathways by which essential chemical
elements (e.g., carbon, nitrogen, phosphorus, sulfur, water) are continuously
transferred and transformed between the living (biotic) and non-living (abiotic)
components of an ecosystem. The primary purpose of these cycles is to recycle

nutrients and elements essential for life. Organisms require these elements for
their growth, metabolism, and reproduction. Since the Earth is a closed system with
respect to matter, these elements must be recycled to ensure their continued
availability for biological processes. Key aspects:

• Nutrient Availability: Cycles like the carbon cycle, nitrogen cycle, and
phosphorus cycle ensure that these crucial elements are converted into forms that
organisms can assimilate and use.

• Sustainability of Life: Without these cycles, essential nutrients would become
locked up in unusable forms (e.g., in dead organic matter or inaccessible
geological reservoirs), eventually depleting the available supply and hindering life.

• Interconnectedness: These cycles involve biological, geological, and chemical
processes, highlighting the interconnectedness of different Earth systems.

Option (a) is incorrect; while some cycles (like the water cycle) can influence local
climate, temperature regulation is not their primary purpose. Option (c) is incorrect;
nutrient availability can influence population sizes, but controlling them is not the
primary purpose of the cycles themselves. Option (d) is incorrect; photosynthesis is a
process that captures energy and incorporates elements (like carbon), but
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biogeochemical cycles are about the movement and recycling of these elements, not
energy production per se. Energy flows, while matter cycles.

To recycle nutrients and elements essential for life

Quick Tip

• Biogeochemical cycles involve the movement of essential elements (C, N, P,
S, H2O, etc.).

• Their main function is to make these elements continuously available for or-
ganisms by recycling them between biotic and abiotic parts of the ecosystem.

• This ensures the long-term sustainability of life.

• Remember: Matter cycles, energy flows.

17.

What are the four factors that affect population growth ecology?

(a) Predation, competition, resource availability and habitat destruction
(b) Environmental changes, disease outbreaks, natural disasters and genetic mutations
(c) Immigration, emigration, predation and competition
(d) Birth rate, death rate, emigration and immigration

Correct Answer: (d)

Solution: Population growth in ecology is fundamentally determined by four primary
demographic factors. These factors dictate how the size of a population changes over
time:

1. Birth Rate (Natality): The rate at which new individuals are born into the
population.

2. Death Rate (Mortality): The rate at which individuals die within the
population.
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3. Immigration: The movement of individuals into a population from another
area.

4. Emigration: The movement of individuals out of a population to another area.

The change in population size (∆N) over a time interval (∆t) can be expressed as:
∆N/∆t = (B + I) − (D + E) Where: B = number of births I = number of
immigrants D = number of deaths E = number of emigrants
Factors listed in other options, such as predation, competition, resource availability,
habitat destruction (option a), environmental changes, disease outbreaks, natural
disasters (option b), are indeed important ecological factors. However, they affect
population growth by influencing one or more of the four primary demographic rates
(births, deaths, immigration, emigration). For example, resource scarcity might
increase death rates or decrease birth rates. Disease outbreaks increase death rates.
Habitat destruction might increase emigration or death rates.
Genetic mutations (option b) affect evolution and adaptation over longer timescales
but are not direct demographic factors of population size change in the same
immediate way as B, D, I, E. Predation and competition (option c) influence birth and
death rates. Option (d) correctly lists the four direct demographic parameters.

Birth rate, death rate, emigration and immigration

Quick Tip

• The four fundamental factors directly determining population change are
often remembered by the acronym BIDE:

– Births (add to population)

– Immigration (add to population)

– Deaths (subtract from population)

– Emigration (subtract from population)

• Other ecological factors (like predation, resources, disease) influence these
four primary rates.

25



18.

Which of the following Indian states is known for its significant population

of the Bengal Tiger?

(a) Karnataka
(b) Tamil Nadu
(c) Madhya Pradesh
(d) Maharashtra

Correct Answer: (c)

Solution: India is home to the largest population of Bengal tigers in the world. The
"Status of Tigers in India" report, released periodically (e.g., by the National Tiger
Conservation Authority), provides estimates of tiger populations across different
states. Historically and in recent surveys, several states have shown significant tiger
populations.

• Madhya Pradesh has frequently held the title of "Tiger State" in India, often
reporting the highest number of tigers in the country. It has numerous tiger
reserves like Kanha, Bandhavgarh, Pench, Satpura, and Panna. For instance, in
the 2022 tiger census summary, Madhya Pradesh reported the highest number of
tigers (785).

• Karnataka also has a very significant tiger population, often ranking second or
very close to the top. Key reserves include Bandipur, Nagarahole, and BRT Tiger
Reserve. In the 2022 summary, Karnataka had 563 tigers.

• Uttarakhand is another state with a high tiger density, particularly in Corbett
Tiger Reserve. It had 560 tigers in the 2022 summary.

• Maharashtra also has a notable tiger population (444 tigers in 2022 summary),
with reserves like Tadoba-Andhari.

• Tamil Nadu has a good number of tigers as well (306 tigers in 2022 summary),
particularly in areas like Mudumalai and Anamalai.
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Given the options, and recognizing Madhya Pradesh’s consistent high numbers and its
"Tiger State" moniker, it is the most appropriate answer for "significant population."
While Karnataka also has a very significant population, Madhya Pradesh has often
been at the top in recent years.

Madhya Pradesh

Quick Tip

• India conducts periodic tiger censuses to monitor populations.

• Key states with high tiger populations include Madhya Pradesh, Karnataka,
Uttarakhand, and Maharashtra.

• Madhya Pradesh is often referred to as the "Tiger State" and frequently
reports the highest tiger numbers.

• Major tiger reserves in Madhya Pradesh include Kanha, Bandhavgarh, and
Pench.

19.

Which part of India is rich in biodiversity?

(a) The Himalayas
(b) Indo-Burma Region
(c) Western Ghats
(d) Sundaland

Correct Answer: (c)

Solution: All the options listed are recognized as global biodiversity hotspots, and
parts of them fall within India’s geographical boundaries, making them rich in
biodiversity. However, when such a question is posed, it often refers to regions
prominently known within India for exceptional species richness and endemism.
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• The Himalayas: The Himalayan mountain range is a major biodiversity
hotspot, known for its unique flora and fauna adapted to high altitudes. The
Indian part of the Himalayas is extremely rich in biodiversity.

• Indo-Burma Region: This is a vast hotspot covering parts of Northeastern
India, Bangladesh, Myanmar, Thailand, Vietnam, Laos, Cambodia, and southern
China. The Indian portion (e.g., states like Mizoram, Manipur, Nagaland) is very
rich.

• Western Ghats: This mountain range runs parallel to the western coast of
India. It is one of the world’s top biodiversity hotspots, characterized by
exceptionally high levels of species richness and endemism, particularly for
amphibians, reptiles, and plants. It is entirely within India.

• Sundaland: This hotspot includes parts of Southeast Asia, including the
Nicobar Islands of India.

Given the options, the Western Ghats is a very distinct and well-recognized region
within India that is celebrated for its extraordinary biodiversity and high
concentration of endemic species. While the Himalayas are also extremely rich, the
Western Ghats often stand out in discussions of Indian biodiversity due to their unique
ecological features and high endemism in a relatively compact area. If the question
intends to pick one primary area from the choices that is a renowned biodiversity-rich
part *of* India (rather than a transboundary hotspot which India is part of), Western
Ghats is a strong candidate. All options are technically correct in that they are
biodiversity-rich and have presence in India, but the Western Ghats are often
highlighted for their exceptional endemism within the Indian context.

Western Ghats
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Quick Tip

• India has four major global biodiversity hotspots: the Himalayas, the Western
Ghats, the Indo-Burma region, and Sundaland (Nicobar Islands).

• The Western Ghats are particularly noted for high levels of species richness
and endemism (species found nowhere else).

• Biodiversity hotspots are regions with a high concentration of endemic species
that are also under significant threat of habitat loss.

20.

The Sundarbans, located in India, are known for being the largest

_________________ ecosystem in the world.

(a) grass land
(b) pond
(c) forest
(d) mangrove

Correct Answer: (d)

Solution: The Sundarbans is a vast delta region located in the Bay of Bengal, formed
by the confluence of the Ganges, Brahmaputra, and Meghna rivers. It straddles parts
of India (West Bengal) and Bangladesh. The Sundarbans are renowned for being the
largest single block of tidal halophytic mangrove forest in the world. Key
features of the Sundarbans mangrove ecosystem:

• Mangrove Flora: Characterized by specialized salt-tolerant trees and shrubs
(halophytes) adapted to thrive in intertidal zones with brackish water. Species
include Sundari (Heritiera fomes), Gewa (Excoecaria agallocha), Goran (Ceriops
decandra), etc.

• Rich Biodiversity: It is a unique ecosystem supporting a wide array of fauna,
including the Royal Bengal Tiger (adapted to a mangrove habitat), estuarine
crocodiles, spotted deer, various bird species, fish, and invertebrates.
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• Ecological Importance: Mangroves provide crucial ecosystem services,
including coastal protection from storms and erosion, nursery grounds for fish
and shellfish, and carbon sequestration.

• UNESCO World Heritage Site: Both the Indian and Bangladeshi portions of
the Sundarbans are recognized as UNESCO World Heritage Sites.

Option (a) grassland, (b) pond, and (c) forest (in a general sense) do not accurately
describe the specific and unique nature of the Sundarbans ecosystem. It is specifically
a mangrove ecosystem.

mangrove

Quick Tip

• The Sundarbans are famous as the world’s largest contiguous mangrove for-
est.

• Mangroves are salt-tolerant trees and shrubs that grow in coastal intertidal
zones.

• The Sundarbans are a critical habitat for the Royal Bengal Tiger and other
diverse wildlife.

• It’s a UNESCO World Heritage Site recognized for its unique ecological value.

21.

Which characteristic is common to both bacteria and yeast?

(a) Unicellular
(b) Eukaryotic
(c) Photosynthetic
(d) Prokaryotic

Correct Answer: (a)

Solution: Let’s analyze the characteristics of bacteria and yeast:
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• Bacteria:

– Most bacteria are unicellular organisms (though some can form filaments
or biofilms).

– They are prokaryotic, meaning their cells lack a true nucleus and other
membrane-bound organelles.

– Some bacteria are photosynthetic (e.g., cyanobacteria), but many are not.

• Yeast:

– Yeasts are typically unicellular fungi. Some can form pseudohyphae, which
are chains of budding cells.

– They are eukaryotic, meaning their cells have a true nucleus and
membrane-bound organelles.

– Yeasts are not photosynthetic; they are heterotrophic
(chemoorganotrophs).

Comparing these: (a) Unicellular: Both bacteria (generally) and yeast (typically) are
unicellular. This is a common characteristic. (b) Eukaryotic: Yeast is eukaryotic,
but bacteria are prokaryotic. Not common. (c) Photosynthetic: Some bacteria are
photosynthetic, but yeast is not. Not common. (d) Prokaryotic: Bacteria are
prokaryotic, but yeast is eukaryotic. Not common.
Therefore, the characteristic common to both bacteria and yeast from the given
options is being unicellular.

Unicellular

Quick Tip

• Bacteria: Mostly unicellular, prokaryotic. Some are photosynthetic.

• Yeast: Unicellular fungi, eukaryotic. Not photosynthetic (heterotrophic).

• The common feature from the options is their unicellular nature.
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22.

Which type of medium allows for the differentiation of microorganisms

based on their metabolic characteristics?

(a) Defined medium
(b) Complex medium
(c) Selective medium
(d) Differential medium

Correct Answer: (d)

Solution: Microbiological culture media can be classified based on their composition
and purpose:

• Defined Medium (Synthetic Medium): All chemical components and their
exact concentrations are known. Used when the precise nutritional requirements
of an organism are known.

• Complex Medium (Undefined Medium): Contains at least one ingredient
whose chemical composition is not precisely known (e.g., yeast extract, peptone,
beef extract). Supports the growth of a wide variety of microorganisms.

• Selective Medium: Contains components that inhibit the growth of certain
microorganisms while allowing others to grow. Used to isolate specific types of
microbes from a mixed population.

• Differential Medium: Contains specific ingredients or indicators (e.g., pH
indicators, substrates for specific enzymes) that allow microbiologists to
distinguish between different types of microorganisms growing on the same plate
based on visible differences in their growth (e.g., colony color, changes in the
medium around colonies). These differences often reflect variations in metabolic
characteristics, such as the ability to ferment a particular sugar or produce a
specific enzyme.
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For example, MacConkey agar is both selective (inhibits Gram-positive bacteria) and
differential (differentiates lactose fermenters, which appear pink, from non-lactose
fermenters, which appear colorless, based on acid production and a pH indicator).
Therefore, a differential medium is designed to distinguish microorganisms based on
their metabolic activities.

Differential medium

Quick Tip

• Selective media: Favor the growth of particular microorganisms while in-
hibiting others. (e.g., media with antibiotics).

• Differential media: Distinguish between different groups of microorgan-
isms based on visible characteristics (e.g., colony color, precipitation) due to
their metabolic reactions. (e.g., MacConkey agar, Blood agar).

• Some media can be both selective and differential.

• Defined media have known compositions; complex media have some unknown
components.

23.

What is the primary mechanism of action of ultraviolet (UV) radiation in

controlling microorganisms?

(a) Protein denaturation
(b) Disruption of DNA replication
(c) Inhibition of metabolic enzymes
(d) Cellular dehydration

Correct Answer: (b)

Solution: Ultraviolet (UV) radiation, particularly in the UV-C range (wavelengths
around 200-280 nm, with peak germicidal effectiveness around 260-265 nm), is a
common physical method for controlling microbial growth (disinfection). The primary
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mechanism by which UV radiation exerts its antimicrobial effect is by damaging the
microorganism’s DNA.

• DNA Absorption: Nucleic acids (DNA and RNA) strongly absorb UV
radiation at these wavelengths.

• Pyrimidine Dimer Formation: The absorbed energy causes the formation of
abnormal covalent bonds between adjacent pyrimidine bases (primarily thymine,
but also cytosine) on the same DNA strand. The most common are thymine

dimers.

• Disruption of DNA Function: These dimers create kinks or distortions in the
DNA helix. This structural damage interferes with essential cellular processes:

– DNA Replication: The distorted DNA cannot be accurately replicated by
DNA polymerase, leading to stalled replication forks or errors.

– Transcription: RNA polymerase may also be blocked or misread the
damaged template, affecting protein synthesis.

• Mutations and Cell Death: If the DNA damage is extensive or not repaired
effectively by the cell’s DNA repair mechanisms, it can lead to mutations and
ultimately cell death or inactivation.

While very high doses of UV might cause some protein damage (option a, c), its
primary and most significant target at germicidal doses is DNA, leading to the
disruption of DNA replication and transcription. Cellular dehydration (option d) is
typically associated with desiccation, not directly with UV action.

Disruption of DNA replication
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Quick Tip

• UV radiation (especially UV-C, 260 nm) is absorbed by DNA.

• This causes the formation of pyrimidine dimers (e.g., thymine dimers) in the
DNA strand.

• These dimers distort the DNA structure, primarily interfering with DNA
replication and transcription.

• Accumulation of such DNA damage can lead to mutations and microbial cell
death.

24.

Which chemical agent is effective against enveloped viruses, such as

influenza and herpes viruses?

(a) Ethylene oxide
(b) Benzalkonium chloride
(c) Chlorine dioxide
(d) Quaternary ammonium compounds

Correct Answer: (d)

Solution: Enveloped viruses possess an outer lipid membrane (envelope) derived from
the host cell membrane, which surrounds their protein capsid and nucleic acid. This
lipid envelope makes them generally more susceptible to certain chemical agents
compared to non-enveloped (naked) viruses. Agents that can disrupt lipids are often
effective.

• Quaternary Ammonium Compounds (Quats): These are cationic
detergents (e.g., benzalkonium chloride, cetylpyridinium chloride). They act by
disrupting cell membranes and viral envelopes due to their surfactant properties.
They are widely used as disinfectants and are effective against many bacteria,
fungi, and enveloped viruses.
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• Benzalkonium chloride (option b) is an example of a quaternary ammonium
compound. So, if benzalkonium chloride is effective, then the broader class
"Quaternary ammonium compounds" (option d) is also correct and perhaps more
encompassing if other Quats are also effective. In MCQ, if a specific example and
its class are both correct options, the context or common phrasing in the field
might lean towards one. Here, "Quaternary ammonium compounds" is a
well-recognized group effective against enveloped viruses.

• Ethylene oxide (option a) is a sterilizing gas effective against all
microorganisms, including viruses and spores, but it’s used for heat-sensitive
materials under controlled conditions, not typically as a general surface
disinfectant for viruses like influenza.

• Chlorine dioxide (option c) is a strong oxidizing agent and a broad-spectrum
disinfectant/sterilant, effective against bacteria, viruses (both enveloped and
non-enveloped), fungi, and spores. It is effective, but Quats are specifically
known for their action on lipid envelopes.

Considering the options, Quaternary ammonium compounds (d) are a well-established
group of disinfectants effective against enveloped viruses by targeting their lipid
envelope. Benzalkonium chloride (b) falls under this category. Given that (d) is a
broader class that includes (b) and other similar effective agents, and is a standard
answer for agents targeting lipid envelopes, it’s often preferred if the question is about
a general class of agents. Influenza and herpes viruses are both enveloped viruses.

Quaternary ammonium compounds
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Quick Tip

• Enveloped viruses have a lipid envelope that is vulnerable to disruption.

• Detergents, such as Quaternary Ammonium Compounds (Quats), are effec-
tive because they disrupt these lipid structures.

• Alcohols (e.g., ethanol, isopropanol) are also highly effective against en-
veloped viruses by denaturing proteins and dissolving lipids.

• Enveloped viruses are generally easier to inactivate with disinfectants than
non-enveloped viruses.

25.

In anaerobic wastewater treatment the microorganisms present are?

(a) methane formers and acid formers
(b) actobacillus
(c) Nocardia
(d) Ecoli

Correct Answer: (a)

Solution: Anaerobic wastewater treatment, also known as anaerobic digestion, is a
complex biological process involving a consortium of different types of microorganisms
that work synergistically to break down organic matter in the absence of oxygen. The
process generally occurs in four main stages, each carried out by distinct groups of
microbes:

1. Hydrolysis: Hydrolytic bacteria break down complex organic polymers (e.g.,
carbohydrates, proteins, fats) into simpler soluble monomers (e.g., sugars, amino
acids, fatty acids).

2. Acidogenesis (Acid Formation): Acidogenic bacteria (acid formers) ferment
the products of hydrolysis into various volatile fatty acids (VFAs) such as acetic
acid, propionic acid, butyric acid, as well as alcohols, CO2, and H2.

37



3. Acetogenesis: Acetogenic bacteria convert the VFAs and alcohols produced
during acidogenesis into acetate, CO2, and H2.

4. Methanogenesis (Methane Formation): Methanogenic archaea (methane
formers or methanogens) utilize acetate, H2/CO2, and other simple compounds
(like formate, methanol) to produce methane (CH4) and CO2.

Thus, the key functional groups of microorganisms essential for the complete anaerobic
digestion process are acid formers (acidogens) and methane formers

(methanogens), along with hydrolytic and acetogenic bacteria. Options (b)
Lactobacillus, (c) Nocardia, and (d) E. coli are specific genera or species of bacteria.
While some might be present in anaerobic environments or even participate in certain
steps (e.g., E. coli can perform fermentation), they do not represent the broad,
essential functional groups that define the entire anaerobic digestion process as
comprehensively as "methane formers and acid formers." Nocardia are typically
aerobic.

methane formers and acid formers

Quick Tip

• Anaerobic digestion is a multi-stage process driven by a diverse microbial
community.

• Key stages include hydrolysis, acidogenesis, acetogenesis, and methanogene-
sis.

• Acid formers (acidogens) are crucial for producing volatile fatty acids.

• Methane formers (methanogens) are crucial for producing methane, the
final product.

• These two groups represent essential functional roles in the process.

26.
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Which process occurs during the acidogenesis stage of anaerobic digestion?

(a) Hydrolysis of complex organic compounds
(b) Production of organic acids and volatile fatty acids
(c) Conversion of organic acids to methane and carbon dioxide
(d) Formation of methane gas by methanogens

Correct Answer: (b)

Solution: Anaerobic digestion involves several sequential biological stages:

1. Hydrolysis: Complex organic polymers (carbohydrates, proteins, lipids) are
broken down by extracellular enzymes produced by hydrolytic bacteria into
simpler, soluble monomers and oligomers (sugars, amino acids, fatty acids).

2. Acidogenesis (or Acid Formation): In this stage, acidogenic bacteria
(fermentative bacteria) further metabolize the products of hydrolysis. They
convert these simple organic molecules into a mixture of volatile fatty acids

(VFAs) such as acetic acid, propionic acid, butyric acid, and valeric acid. Other
products can include alcohols (like ethanol), lactic acid, carbon dioxide (CO2),
and hydrogen gas (H2). This is why it’s called "acidogenesis" - acid generation.

3. Acetogenesis: Acetogenic bacteria convert the longer-chain VFAs (like
propionic and butyric acid) and alcohols produced during acidogenesis into
acetate, H2, and CO2. Acetate is a primary substrate for methanogens.

4. Methanogenesis: Methanogenic archaea convert acetate, and H2/CO2 (and
other simple C1 compounds) into methane (CH4) and CO2.

Option (a) describes the hydrolysis stage. Option (b) accurately describes the
acidogenesis stage, where organic acids (VFAs) are produced. Option (c) describes
parts of acetogenesis (conversion of some organic acids to acetate, H2, CO2) and
methanogenesis (conversion of acetate to methane and CO2). Option (d) describes the
methanogenesis stage.

Production of organic acids and volatile fatty acids
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Quick Tip

• Acidogenesis is the second stage in anaerobic digestion, following hydroly-
sis.

• During acidogenesis, bacteria ferment soluble organic compounds (sugars,
amino acids) into:

– Volatile Fatty Acids (VFAs) like acetic, propionic, butyric acid.

– Alcohols.

– CO2 and H2.

• The term "acidogenesis" itself refers to the generation of these acids.

27.

In aerobic biological waste treatment, microorganisms utilize which

compound as the primary electron acceptor during the degradation of

organic matter?

(a) Oxygen
(b) Carbon dioxide
(c) Nitrate
(d) Sulfate

Correct Answer: (a)

Solution: Aerobic biological waste treatment processes rely on microorganisms that
perform aerobic respiration to degrade organic pollutants. In aerobic respiration:

• Organic matter (e.g., carbohydrates, proteins, fats in wastewater) serves as the
primary source of electrons (electron donor) and carbon for microbial growth.

• Microorganisms oxidize this organic matter to extract energy.

• The electrons removed from the organic matter are passed down an electron
transport chain.
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• Molecular oxygen (O2) acts as the terminal (or final) electron acceptor

in this chain. When oxygen accepts these electrons (along with protons), it is
reduced to water (H2O).

This use of oxygen as the terminal electron acceptor is the defining characteristic of
aerobic respiration and, consequently, aerobic treatment processes (e.g., activated
sludge process, trickling filters).
Other options:

• Carbon dioxide (CO2): Can be a carbon source for autotrophs or a product of
respiration, but not typically the primary terminal electron acceptor in organic
matter degradation for energy by heterotrophs. Some microbes (methanogens,
acetogens) can use CO2 as an electron acceptor in anaerobic conditions, but this
is not typical for aerobic waste treatment.

• Nitrate (NO−
3 ): Can serve as a terminal electron acceptor in anaerobic

respiration (denitrification).

• Sulfate (SO2−
4 ): Can serve as a terminal electron acceptor in anaerobic

respiration (sulfate reduction).

Therefore, in aerobic processes, oxygen is the primary electron acceptor.

Oxygen
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Quick Tip

• Aerobic processes occur in the presence of oxygen.

• In aerobic respiration, organic matter is oxidized (loses electrons).

• Oxygen (O2) is the terminal electron acceptor, being reduced to water
(H2O).

• This is a highly efficient energy-yielding process used in many wastewater
treatment systems.

• Nitrate, sulfate, and CO2 can be electron acceptors in anaerobic respiration
or other metabolic pathways.

28.

Which of the following is a major group of microbes involved in nitrogen

fixation?

(a) Bacteria
(b) Fungi
(c) Protozoa
(d) Archaea

Correct Answer: (a)

Solution: Nitrogen fixation is the biological process by which atmospheric nitrogen
gas (N2), which is relatively inert and unusable by most organisms, is converted into
ammonia (NH3) or other biologically useful nitrogenous compounds. This process is
exclusively carried out by certain prokaryotic microorganisms called diazotrophs.
These diazotrophs include:

• Bacteria: This is a very diverse group containing many well-known
nitrogen-fixing species. They can be:

– Symbiotic bacteria: Such as Rhizobium species that form nodules on the
roots of leguminous plants.
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– Free-living aerobic bacteria: Such as Azotobacter and Beijerinckia.

– Free-living anaerobic bacteria: Such as Clostridium pasteurianum.

– Cyanobacteria (Blue-Green Algae): Many species, both free-living (e.g.,
Anabaena, Nostoc) and symbiotic, can fix nitrogen. These are also bacteria.

• Archaea: Some species of archaea, particularly certain methanogens (e.g.,
Methanosarcina), are also capable of nitrogen fixation.

While some Archaea (option d) can fix nitrogen, Bacteria (option a) represent a
larger, more diverse, and ecologically more prominent group of nitrogen-fixing
microorganisms. Many of the most studied and agriculturally important nitrogen
fixers are bacteria. Fungi (option b) and Protozoa (option c) are eukaryotes and are
not known to perform nitrogen fixation themselves, although they interact with
nitrogen-fixing prokaryotes in the ecosystem.
Given the options, "Bacteria" is the most encompassing and generally recognized
major group primarily involved in this critical biogeochemical process.

Bacteria

Quick Tip

• Nitrogen fixation is the conversion of atmospheric N2 to ammonia (NH3).

• This process is carried out by prokaryotic microorganisms called diazotrophs.

• Major groups of diazotrophs are found within Bacteria (e.g., Rhizobium,
Azotobacter, Clostridium, Cyanobacteria).

• Some Archaea (e.g., certain methanogens) can also fix nitrogen.

• Fungi and protozoa (eukaryotes) do not fix nitrogen.

29.

Which group of microbes is known for its role in the production of

antibiotics?
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(a) Actinomycetes
(b) Cyanobacteria
(c) Archaea
(d) Yeasts

Correct Answer: (a)

Solution: Antibiotics are antimicrobial substances active against bacteria. Many
microorganisms produce antibiotics, likely as a competitive mechanism in their natural
environments.

• Actinomycetes: This group of Gram-positive bacteria, characterized by their
filamentous (mold-like) growth, is the most prolific source of clinically useful
antibiotics. The genus Streptomyces within the Actinomycetes is particularly
renowned, producing over two-thirds of naturally derived antibiotics, including
streptomycin, tetracyclines, erythromycin, neomycin, chloramphenicol, and many
others.

• Other Bacteria: Some other non-filamentous bacteria (e.g., Bacillus species,
which produce bacitracin and polymyxin) also produce antibiotics.

• Fungi: Certain fungi are also famous antibiotic producers, notably Penicillium

species (source of penicillin) and Cephalosporium (now Acremonium) species
(source of cephalosporins).

• Cyanobacteria (option b) produce a variety of bioactive compounds, some with
antimicrobial properties, but they are not as prominent as Actinomycetes for
clinically used antibiotics.

• Archaea (option c) are known to produce some antimicrobial compounds, but
their contribution to clinically used antibiotics is currently less significant
compared to bacteria and fungi.

• Yeasts (option d), which are unicellular fungi, are not major producers of
antibiotics in the same way filamentous fungi or Actinomycetes are, though some
may produce killer toxins or other antimicrobial substances.
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Given the options, Actinomycetes are by far the most well-known and significant
group of microbes for antibiotic production, especially the genus Streptomyces.

Actinomycetes

Quick Tip

• Actinomycetes, particularly the genus Streptomyces, are a primary source
of antibiotics used in medicine.

• They are filamentous bacteria found abundantly in soil.

• Examples of antibiotics from Actinomycetes: streptomycin, tetracycline, ery-
thromycin.

• Fungi (e.g., Penicillium) are also important antibiotic producers.

30.

Which of the following is not a common nitrogen source used in cultivation

media for microorganisms?

(a) Ammonium sulfate
(b) Peptone
(c) Urea
(d) Glucose

Correct Answer: (d)

Solution: Microorganisms require various nutrients for growth, including a source of
nitrogen for the synthesis of proteins, nucleic acids, and other nitrogen-containing
cellular components. Cultivation media must provide these nutrients in usable forms.
Common nitrogen sources include:

• Ammonium sulfate ((NH4)2SO4) (option a): Ammonium salts are readily
utilized inorganic nitrogen sources for many microorganisms. The ammonium ion
(NH+

4 ) can be directly incorporated into amino acids.
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• Peptone (option b): Peptones are protein hydrolysates, typically produced by
enzymatic digestion or acid hydrolysis of proteins (e.g., from meat, casein, soy).
They provide a rich source of amino acids, short peptides, and other nitrogenous
compounds, as well as carbon and growth factors. They are a common
component of complex media.

• Urea (CO(NH2)2) (option c): Urea can be used as a nitrogen source by
microorganisms that possess the enzyme urease. Urease hydrolyzes urea into
ammonia (NH3) and carbon dioxide (CO2). The ammonia can then be
assimilated.

• Glucose (C6H12O6) (option d): Glucose is a simple sugar (a carbohydrate). Its
chemical formula shows it contains carbon, hydrogen, and oxygen, but no

nitrogen. Glucose is primarily used as a carbon source (for building cellular
components) and an energy source by many microorganisms. It does not serve
as a nitrogen source.

Therefore, glucose is not a common nitrogen source.

Glucose

Quick Tip

• Nitrogen sources provide the element nitrogen (N) for microbial growth.

• Common inorganic nitrogen sources: ammonium salts (e.g., ammonium sul-
fate), nitrate salts.

• Common organic nitrogen sources: amino acids, peptides, proteins (e.g., pep-
tone, yeast extract, beef extract), urea.

• Glucose (C6H12O6) is a carbohydrate; it is a primary source of carbon and
energy, not nitrogen.

31.
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What is the scope of environmental chemistry in our daily life?

(a) do not help in classify contaminated soils as hazardous waste, manage their
disposal, and supervise on-site remediation
(b) do not help to assess the risks of contaminants in soil and ground water
(c) do help to assess the long-term risks of contaminants in soil and groundwater
(d) do not help to undertake corrective strategies

Correct Answer: (c)

Solution: Environmental chemistry is the scientific study of the chemical and
biochemical phenomena that occur in natural places. It involves understanding the
sources, reactions, transport, effects, and fates of chemical species in the air, soil, and
water environments, and the effect of human activity on these. The scope of
environmental chemistry in our daily life is vast and includes:

• Understanding Pollutants: Identifying chemical pollutants, their sources
(natural and anthropogenic), and their pathways in the environment.

• Assessing Risks: Evaluating the toxicity and risks posed by contaminants to
human health and ecosystems. This includes understanding how contaminants
behave in soil and groundwater and their potential for long-term harm.

• Monitoring and Analysis: Developing and applying analytical methods to
detect and quantify pollutants in various environmental matrices.

• Remediation and Control: Designing and implementing strategies to prevent
pollution, treat contaminated sites (e.g., soil and groundwater remediation), and
manage waste. This includes classifying hazardous waste and supervising
remediation.

• Policy and Regulation: Providing scientific basis for environmental policies,
regulations, and standards.

Option (c) states that environmental chemistry helps to assess the long-term risks of
contaminants in soil and groundwater. This is a core aspect of environmental
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chemistry. Options (a), (b), and (d) all state what environmental chemistry does
*not* do, but in fact, these are all areas where environmental chemistry plays a crucial
role. Environmental chemistry *does* help in classifying contaminated soils, managing
disposal, supervising remediation (contrary to (a)), *does* help assess risks of
contaminants (contrary to (b)), and *does* help undertake corrective strategies
(contrary to (d)). Therefore, option (c) is the correct positive statement about its
scope.

do help to assess the long-term risks of contaminants in soil and groundwater

Quick Tip

• Environmental chemistry studies chemical processes in the environment (air,
water, soil).

• It is crucial for identifying pollutants, understanding their behavior, and
assessing their risks.

• It plays a key role in developing strategies for pollution control, waste man-
agement, and remediation of contaminated sites.

• Assessing long-term risks of soil and groundwater contaminants is a funda-
mental application.

32.

Environmental chemistry mainly deals with the study of

(a) unwanted substances and their effects
(b) flora and fauna
(c) biodiversity
(d) forest resources

Correct Answer: (a)

Solution: Environmental chemistry is the branch of chemistry concerned with the
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chemical processes occurring in the environment (air, water, soil). A significant focus
of this field is on:

• Chemical Pollutants (Unwanted Substances): Identifying the sources,
reactions, transport, and fate of chemical pollutants or contaminants in the
environment. These can be natural or anthropogenic (man-made).

• Effects of these Substances: Understanding the impact of these chemical
species on human health, ecosystems, and the environment as a whole. This
includes studying toxicity, persistence, and bioaccumulation.

• Natural Chemical Cycles: Studying natural biogeochemical cycles (e.g.,
carbon, nitrogen, sulfur cycles) and how human activities perturb them.

• Remediation and Control: Developing chemical methods for pollution
prevention, control, and remediation.

Option (a) "unwanted substances and their effects" accurately captures a primary
focus of environmental chemistry, particularly concerning pollution. Options (b) "flora
and fauna" (plants and animals) and (c) "biodiversity" are primarily the domain of
biology and ecology, although environmental chemistry provides crucial understanding
of how chemical factors affect them. Option (d) "forest resources" is related to forestry
and resource management, again influenced by environmental chemistry but not its
main study area. While environmental chemistry has broader aspects including
natural processes, the study of pollutants (unwanted substances) and their impacts is
a central theme.

unwanted substances and their effects
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Quick Tip

• Environmental chemistry focuses on the chemical species, reactions, trans-
port, and effects of substances in the environment.

• A major part of this involves studying pollutants (often termed unwanted or
harmful substances) and their environmental and health consequences.

• It also includes the study of natural chemical processes in the environment.

33.

Acid rain is primarily caused by the emission of which two gases into the

atmosphere?

(a) Nitrogen oxides and sulfur dioxide
(b) Carbon monoxide and methane
(c) Ozone and carbon monoxide
(d) Hydrogen sulfide and ammonia

Correct Answer: (a)

Solution: Acid rain is a form of precipitation that is unusually acidic, meaning it has
elevated levels of hydrogen ions (low pH). It is primarily caused by atmospheric
pollution from certain gases that react with water, oxygen, and other chemicals to
form various acidic compounds. The two main precursors are:

1. Sulfur Dioxide (SO2):

• Sources: Primarily from the burning of fossil fuels (especially coal) in power
plants and industrial facilities, as well as from volcanic eruptions.

• Reactions: SO2 reacts in the atmosphere to form sulfur trioxide (SO3),
which then dissolves in water to form sulfuric acid (H2SO4).
2SO2(g) + O2(g) → 2SO3(g) SO3(g) + H2O(l) → H2SO4(aq)

2. Nitrogen Oxides (NOx): This term primarily refers to nitric oxide (NO) and
nitrogen dioxide (NO2).
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• Sources: Primarily from high-temperature combustion processes, such as in
vehicle engines and power plants, as well as from natural sources like
lightning.

• Reactions: NOx reacts in the atmosphere to form nitric acid (HNO3) and
nitrous acid (HNO2). 2NO2(g) + H2O(l) → HNO3(aq) + HNO2(aq)
(simplified) Or, NO is oxidized to NO2, then NO2 reacts with hydroxyl
radicals or water.

Sulfuric acid and nitric acid are strong acids that, when dissolved in atmospheric water
droplets, lower the pH of rain, snow, fog, or dry deposition. Options (b), (c), and (d)
list gases that are air pollutants but are not the primary precursors of acid rain:

• Carbon monoxide (CO) is a toxic gas but does not form strong acids.

• Methane (CH4) is a greenhouse gas.

• Ozone (O3) is a component of smog and a greenhouse gas.

• Hydrogen sulfide (H2S) can be oxidized to SO2 and then contribute, but SO2

itself is the major direct precursor.

• Ammonia (NH3) is a base and can neutralize acids in the atmosphere, forming
ammonium salts.

Nitrogen oxides and sulfur dioxide
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Quick Tip

• Acid rain is mainly caused by sulfur dioxide (SO2) and nitrogen oxides

(NOx).

• These gases are released from burning fossil fuels and other industrial/natural
processes.

• In the atmosphere, SO2 converts to sulfuric acid (H2SO4).

• NOx converts to nitric acid (HNO3).

• These acids lower the pH of precipitation.

34.

Which of the following is not a feature of the lithosphere?

(a) Mountains
(b) Valleys
(c) Ocean trenches
(d) Ozone layer

Correct Answer: (d)

Solution: The lithosphere is the rigid, outermost shell of a terrestrial-type planet or
natural satellite. On Earth, it is composed of the crust and the portion of the upper
mantle that behaves elastically on time scales of thousands of years or greater. The
lithosphere is broken into tectonic plates. Features of the lithosphere include all
landforms and geological structures on the Earth’s solid surface and ocean floor.

• Mountains (option a): These are large natural elevations of the earth’s surface,
formed by tectonic plate movements, volcanic activity, or erosion. They are
prominent features of the lithosphere.

• Valleys (option b): These are low areas between hills or mountains, typically
with a river or stream flowing through them, formed by erosion or rifting. They
are also features of the lithosphere.
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• Ocean trenches (option c): These are long, narrow, deep depressions on the
ocean floor, typically found at convergent plate boundaries where one tectonic
plate subducts under another. They are significant features of the oceanic
lithosphere.

• Ozone layer (option d): The ozone layer is a region of Earth’s stratosphere

(part of the atmosphere) that absorbs most of the Sun’s ultraviolet (UV)
radiation. It is composed of ozone (O3) gas. The atmosphere is distinct from the
lithosphere. The lithosphere is the solid Earth, while the atmosphere is the layer
of gases surrounding the Earth.

Therefore, the ozone layer is not a feature of the lithosphere.

Ozone layer

Quick Tip

• The lithosphere is the Earth’s solid outer layer, including the crust and
upper mantle. It comprises landforms like mountains, valleys, plains, and
ocean floor features like trenches and mid-ocean ridges.

• The atmosphere is the layer of gases surrounding the Earth. It has different
layers (troposphere, stratosphere, mesosphere, thermosphere, exosphere).

• The ozone layer is located in the stratosphere, which is part of the atmo-
sphere, not the lithosphere.

35.

Deep-ocean currents are driven by differences in the

(a) water temperature
(b) water type
(c) water concentration
(d) water source
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Correct Answer: (a)

Solution: Deep-ocean currents, also known as thermohaline circulation or the global
ocean conveyor belt, are slow-moving currents that occur deep below the ocean
surface. They are primarily driven by differences in water density. Water density is
influenced by two main factors:

1. Temperature (Thermo-): Colder water is denser than warmer water.

2. Salinity (Haline-): Saltier water is denser than less salty water.

Here’s how it works:

• In polar regions, surface water becomes very cold and can also become saltier due
to the formation of sea ice (which leaves salt behind in the remaining water).

• This cold, salty water is very dense and sinks to the deep ocean.

• This sinking water then flows horizontally as deep currents, spreading throughout
the ocean basins.

• Eventually, this deep water upwells in other parts of the ocean, often in warmer
regions, completing the circulation.

Option (a) "water temperature" is one of the two key factors affecting density and thus
driving deep-ocean currents. While salinity is also crucial, temperature is explicitly
listed. Option (b) "water type" is vague and not a standard scientific term for this
context. Option (c) "water concentration" is also vague. If it refers to solute
concentration (salinity), then it’s relevant, but "water temperature" is a more direct
and primary factor from the options. Option (d) "water source" is too general and
doesn’t explain the driving mechanism.
Considering the options, differences in water temperature lead to density differences,
which is a primary driver. In a more complete answer, both temperature and salinity
would be mentioned. Since only temperature is listed as a specific factor related to
density, it is the best fit.

water temperature
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Quick Tip

• Deep-ocean currents are driven by thermohaline circulation.

• "Thermo" refers to temperature, and "haline" refers to salinity.

• Differences in water temperature and salinity cause differences in water den-
sity.

• Denser water (cold and/or salty) sinks and flows along the ocean bottom,
while less dense water rises. This creates the deep-ocean currents.

• Polar regions are key areas for the formation of dense deep water.

36.

Which of the following is not a major biome found in the biosphere?

(a) Rainforest
(b) Tundra
(c) Desert
(d) Plateau

Correct Answer: (d)

Solution: A biome is a large, naturally occurring community of flora and fauna
occupying a major habitat, characterized by its dominant vegetation and climate.
Major biomes of the world include:

• Rainforest (option a): Tropical rainforests (warm, high precipitation, high
biodiversity) and temperate rainforests. This is a major biome.

• Tundra (option b): Cold, treeless regions found at high latitudes (Arctic tundra)
or high altitudes (alpine tundra), characterized by permafrost. This is a major
biome.

• Desert (option c): Arid regions with very low precipitation and sparse
vegetation. This is a major biome.
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• Other major biomes include: Taiga (Boreal Forest), Temperate Deciduous Forest,
Grassland (Savanna, Prairie, Steppe), Chaparral (Mediterranean Scrub), and
Aquatic biomes (Freshwater, Marine).

A plateau (option d) is a landform, specifically an area of highland, usually
consisting of relatively flat terrain that is raised significantly above the surrounding
area, often with one or more sides with steep slopes. While various biomes can exist
on plateaus (e.g., a desert plateau, a grassland plateau), a plateau itself is a
geomorphological feature, not a biome defined by its climate and characteristic
community of organisms. Therefore, "Plateau" is not a major biome.

Plateau

Quick Tip

• A biome is a major ecological community type (e.g., rainforest, desert, tun-
dra, grassland). It is characterized by its climate and dominant plant and
animal life.

• A landform is a natural feature of the Earth’s surface (e.g., mountain, valley,
plateau, plain).

• Rainforest, Tundra, and Desert are all examples of major biomes.

• Plateau is a type of landform, not a biome itself, though biomes can be found
on plateaus.

37.

The boundary between the troposphere and stratosphere is known as the

(a) Tropopause
(b) Stratopause
(c) Mesopause
(d) Thermopause
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Correct Answer: (a)

Solution: The Earth’s atmosphere is divided into several distinct layers based on
temperature profiles:

1. Troposphere: The lowest layer, extending from the Earth’s surface up to an
average altitude of about 7-20 km (variable with latitude and season). Weather
phenomena occur here, and temperature generally decreases with altitude.

2. Tropopause: This is the boundary region between the troposphere and the
stratosphere. It is characterized by a point where the temperature stops
decreasing with altitude and begins to remain constant or increase.

3. Stratosphere: Above the tropopause, extending to about 50 km. The ozone
layer is located here, and temperature generally increases with altitude due to the
absorption of UV radiation by ozone.

4. Stratopause: The boundary between the stratosphere and the mesosphere.
Temperature reaches a maximum here.

5. Mesosphere: Above the stratopause, extending to about 85 km. Temperature
decreases with altitude in this layer.

6. Mesopause: The boundary between the mesosphere and the thermosphere.
This is the coldest part of Earth’s atmosphere.

7. Thermosphere: Above the mesopause, where temperature increases
significantly with altitude due to absorption of solar radiation.

8. Thermopause (Exobase): The boundary at the top of the thermosphere,
leading to the exosphere.

Therefore, the boundary between the troposphere and the stratosphere is the
tropopause.

Tropopause
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Quick Tip

• Atmospheric layers from bottom to top: Troposphere, Stratosphere, Meso-
sphere, Thermosphere, Exosphere.

• The suffix "-pause" generally denotes the boundary at the top of a layer.

• Troposphere → Tropopause (boundary)

• Stratosphere → Stratopause (boundary)

• Mesosphere → Mesopause (boundary)

• Thermosphere → Thermopause (boundary, also called Exobase)

38.

Which photochemical oxidants are formed by the action of sunlight on

nitrogen oxides and reactive hydrocarbons?

(a) peroxyacetyl nitrate
(b) acid rain
(c) inorganic carbon
(d) particulate matter

Correct Answer: (a)

Solution: Photochemical smog is a type of air pollution produced when sunlight
reacts with nitrogen oxides (NOx) and volatile organic compounds (VOCs), which
include reactive hydrocarbons. This complex series of reactions leads to the formation
of various secondary pollutants, known as photochemical oxidants. Key photochemical
oxidants include:

• Ozone (O3): Ground-level ozone is a major component of photochemical smog
and a strong oxidant.

• Peroxyacetyl Nitrate (PAN): PAN (CH3COOONO2) is another significant
photochemical oxidant. It is a lachrymator (causes eye irritation) and is
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phytotoxic (harmful to plants). It is formed from the reaction of peroxyacetyl
radicals with nitrogen dioxide (NO2).

• Aldehydes (e.g., formaldehyde, acetaldehyde) and other peroxyacyl nitrates.

Option (a) peroxyacetyl nitrate (PAN) is a well-known photochemical oxidant
formed under these conditions. Option (b) acid rain is primarily formed from sulfur
dioxide and nitrogen oxides reacting with water, but it’s not typically classified as a
photochemical oxidant in the same way as ozone or PAN. While NOx is involved, the
term "photochemical oxidants" usually refers to O3, PAN, etc. Option (c) inorganic

carbon (e.g., CO2) is not a photochemical oxidant. Option (d) particulate matter

can be primary (emitted directly) or secondary (formed in the atmosphere). Some
secondary particulate matter can be formed during photochemical reactions, but PAN
is a specific gaseous photochemical oxidant.
Given the options, peroxyacetyl nitrate is a classic example of a photochemical oxidant
formed from NOx and hydrocarbons in the presence of sunlight.

peroxyacetyl nitrate

Quick Tip

• Photochemical smog forms when sunlight acts on nitrogen oxides (NOx) and
volatile organic compounds (VOCs/reactive hydrocarbons).

• This produces secondary pollutants called photochemical oxidants.

• Key photochemical oxidants include ground-level ozone (O3) and peroxy-
acetyl nitrate (PAN).

• PAN is known for causing eye irritation and damaging plants.

39.

Ozone is good

(a) in the troposphere
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(b) in the mesosphere
(c) in the stratosphere
(d) in the thermosphere

Correct Answer: (c)

Solution: Ozone (O3) plays a dual role in the atmosphere, depending on its location:

• Stratospheric Ozone (Good Ozone): The vast majority of atmospheric ozone
(about 90%) is found in the stratosphere, forming the "ozone layer." This layer is
beneficial because it absorbs most of the Sun’s harmful ultraviolet (UV-B and
UV-C) radiation. This absorption protects living organisms on Earth from the
damaging effects of excessive UV exposure, such as skin cancer, cataracts, and
harm to ecosystems. Therefore, ozone in the stratosphere is considered "good."

• Tropospheric Ozone (Bad Ozone): Ozone is also found in the troposphere
(the lowest layer of the atmosphere where we live). Here, it is considered an air
pollutant and a primary component of photochemical smog. Ground-level ozone
is harmful to human health (causing respiratory problems), damages plants, and
contributes to the greenhouse effect. Therefore, ozone in the troposphere

(option a) is considered "bad."

The mesosphere (option b) and thermosphere (option d) are layers above the
stratosphere. While some ozone may be present, the significant protective "ozone
layer" is specifically located in the stratosphere. Therefore, ozone is considered "good"
primarily for its role in the stratosphere.

in the stratosphere
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Quick Tip

• Stratospheric Ozone ("Good Ozone"): Forms the ozone layer, absorbs
harmful UV radiation from the sun, protecting life on Earth. Located in the
stratosphere.

• Tropospheric Ozone ("Bad Ozone"): A major air pollutant at ground
level, component of smog, harmful to health and vegetation. Located in the
troposphere.

• The question "Ozone is good" refers to its beneficial role in the stratosphere.

40.

Which global agreement protects the stratospheric ozone layer by phasing

out the production and consumption of ozone-depleting substances (ODS)?

(a) Kyoto protocol
(b) Montreal protocol
(c) Paris agreement
(d) Stockholm agreement

Correct Answer: (b)

Solution: The global agreement specifically designed to protect the stratospheric
ozone layer by controlling and phasing out the production and consumption of
ozone-depleting substances (ODS) is the Montreal Protocol on Substances that

Deplete the Ozone Layer.

• Montreal Protocol (1987): This international treaty was signed in 1987 and
has undergone several revisions. It targets ODS such as chlorofluorocarbons
(CFCs), halons, carbon tetrachloride, and methyl chloroform. It has been
remarkably successful in reducing the atmospheric concentrations of these
harmful chemicals, and the ozone layer is showing signs of recovery.

Let’s look at the other options:
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• Kyoto Protocol (1997) (option a): An international treaty aimed at reducing
greenhouse gas emissions to combat global warming and climate change. It is
related to climate change, not directly ozone layer protection (though some ODS
are also potent greenhouse gases).

• Paris Agreement (2015) (option c): A global agreement within the United
Nations Framework Convention on Climate Change (UNFCCC) dealing with
greenhouse gas emissions mitigation, adaptation, and finance, starting in the year
2020. It also focuses on climate change.

• Stockholm Convention on Persistent Organic Pollutants (2001) (option
d): An international environmental treaty aimed at eliminating or restricting the
production and use of persistent organic pollutants (POPs), which are toxic
chemicals that persist in the environment and bioaccumulate. While important
for environmental protection, its primary focus is not ozone layer depletion.
(Note: There is also an older "Stockholm Declaration" from 1972 related to
human environment, but the Stockholm Convention is more specific to POPs).

Therefore, the Montreal Protocol is the correct answer.

Montreal protocol
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Quick Tip

• The Montreal Protocol is the landmark international treaty designed to
protect the ozone layer.

• It achieves this by phasing out the production and use of ozone-depleting
substances (ODS) like CFCs and halons.

• It is considered one of the most successful international environmental agree-
ments.

• Kyoto Protocol and Paris Agreement deal with climate change and green-
house gas emissions.

• Stockholm Convention deals with Persistent Organic Pollutants (POPs).

41.

Which of the following is a key component of Cation Exchange Capacity of

the soils?

(a) Nitrate ions
(b) Anions
(c) Exchangeable cations
(d) Soil water content

Correct Answer: (c)

Solution: Cation Exchange Capacity (CEC) is a measure of the soil’s ability to
hold positively charged ions (cations). Soil particles, particularly clay minerals and
organic matter, have negatively charged surfaces. These negative charges attract and
hold onto cations from the soil solution. The key components related to CEC are:

• Negatively charged soil colloids: Clay particles and soil organic matter
(humus) are the primary sources of negative charges in the soil.

• Exchangeable cations: These are the positively charged ions that are adsorbed
onto the negatively charged sites of soil colloids. Common exchangeable cations
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include calcium (Ca2+), magnesium (Mg2+), potassium (K+), sodium (Na+),
aluminum (Al3+), and hydrogen (H+). These cations can be "exchanged" with
other cations present in the soil solution.

CEC itself is a measure of the total quantity of these exchangeable cations that a soil
can hold, usually expressed in milliequivalents per 100 grams of soil (meq/100g) or
centimoles of positive charge per kilogram of soil (cmolc/kg). Option (a) Nitrate ions

(NO−
3 ) are anions (negatively charged) and are involved in anion exchange, not cation

exchange. They are repelled by negatively charged soil surfaces. Option (b) Anions

are negatively charged ions. CEC deals with cations. Option (c) Exchangeable

cations are precisely what CEC refers to – the cations held on exchange sites that can
be replaced by other cations. They are a key component *measured by* or
*represented by* CEC. Option (d) Soil water content is important for soil processes,
including nutrient availability and ion movement, but it’s not a direct component
defining CEC itself, although it influences the expression of CEC and ion exchange.
Thus, "exchangeable cations" are intrinsically linked to the concept of CEC.

Exchangeable cations

Quick Tip

• Cation Exchange Capacity (CEC) is the total capacity of a soil to hold
exchangeable cations.

• Soil colloids (clay and organic matter) have negative charges on their surfaces.

• These negative charges attract and hold positively charged ions (cations) like
Ca2+, Mg2+, K+, Na+, H+, Al3+. These are the exchangeable cations.

• CEC is a measure of soil fertility and nutrient retention.

42.

Why is Cation Exchange Capacity of the soils important in agriculture?

(a) It influences soil color
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(b) It affects soil pH
(c) It indicates nutrient-holding capacity
(d) It determines soil structure

Correct Answer: (c)

Solution: Cation Exchange Capacity (CEC) is a crucial soil property for agriculture
due to several reasons, primarily related to soil fertility and nutrient management:

• Indicates Nutrient-Holding Capacity (option c): This is the most direct
and significant importance of CEC. Many essential plant nutrients exist as
cations in the soil solution (e.g., Ca2+, Mg2+, K+, NH+

4 ). The negatively charged
sites on soil colloids (measured by CEC) adsorb these nutrient cations, holding
them in a form that is readily available to plants but also protected from being
easily leached away by water. A higher CEC generally means a greater capacity
to retain these essential nutrients, making the soil potentially more fertile.

• Affects Soil pH (option b): While CEC itself is a measure of charge, the types

of cations occupying the exchange sites (particularly H+ and Al3+ vs. basic
cations like Ca2+, Mg2+, K+) influence soil pH. Soils with high CEC can also
buffer against changes in pH. So, it does affect soil pH, but its role in nutrient
holding is more direct when considering "importance in agriculture."

• Influences Fertilizer Requirements: Understanding CEC helps in
determining appropriate fertilizer application rates, as it affects how well the soil
can retain added nutrients.

• Reduces Leaching of Cations: By holding onto cations, CEC helps prevent
their loss from the root zone through leaching, improving nutrient use efficiency.

Option (a) It influences soil color: Soil color is primarily influenced by organic
matter content, iron oxides, and moisture content, not directly by CEC. Option (d) It

determines soil structure: Soil structure is influenced by factors like soil texture
(sand, silt, clay content), organic matter, and biological activity. While clay and
organic matter (which contribute to CEC) also influence structure, CEC itself is a
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chemical property related to charge, not a direct determinant of physical structure in
the way aggregation is.
The most significant agricultural importance of CEC is its role as an indicator of the
soil’s ability to retain and supply essential nutrient cations to plants.

It indicates nutrient-holding capacity

Quick Tip

• CEC is a measure of a soil’s ability to hold positively charged nutrients
(cations) like calcium, magnesium, and potassium.

• Higher CEC means the soil can retain more of these essential plant nutrients,
preventing them from being leached away.

• This makes CEC a key indicator of soil fertility and its capacity to supply
nutrients to crops.

• CEC also plays a role in buffering soil pH and influencing the fate of some
pollutants.

43.

Which of the following is a natural source of aerosols?

(a) Volcanic eruptions
(b) Industrial emissions
(c) Deforestation
(d) Automobile exhaust

Correct Answer: (a)

Solution: Aerosols are tiny solid or liquid particles suspended in a gas (usually air).
They can originate from both natural and anthropogenic (human-caused) sources.
Natural sources of aerosols include:
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• Volcanic eruptions (option a): Volcanoes release large amounts of ash, dust,
and gases (like sulfur dioxide, which can form sulfate aerosols) into the
atmosphere.

• Dust storms: Wind erosion of dry soils can lift dust and mineral particles into
the air, especially in arid and semi-arid regions.

• Sea spray: Breaking waves inject sea salt particles into the atmosphere.

• Wildfires: Smoke from naturally occurring wildfires releases soot (black
carbon), organic carbon particles, and other aerosols.

• Biogenic sources: Plants release volatile organic compounds (VOCs) that can
react in the atmosphere to form secondary organic aerosols. Pollen and fungal
spores are also biogenic aerosols.

Anthropogenic sources of aerosols include:

• Industrial emissions (option b): Factories and power plants release various
particles and precursor gases (like SO2, NOx) that form aerosols.

• Automobile exhaust (option d): Vehicles emit soot, organic compounds, and
precursor gases for secondary aerosol formation.

• Burning of biomass: Agricultural burning and burning of wood for fuel.

• Deforestation (option c): While deforestation itself is an activity, it can lead to
increased soil erosion and dust (aerosols), and the burning associated with
deforestation releases smoke aerosols. However, volcanic eruptions are a more
direct and classic example of a natural aerosol source.

Among the given options, volcanic eruptions are a direct and significant natural source
of aerosols. Industrial emissions and automobile exhaust are anthropogenic.
Deforestation is an activity that can indirectly lead to aerosol generation.

Volcanic eruptions
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Quick Tip

• Aerosols are fine solid or liquid particles suspended in the air.

• Natural sources: Volcanic eruptions, dust storms, sea spray, wildfires, bio-
genic emissions (pollen, VOCs from plants).

• Anthropogenic sources: Industrial emissions, vehicle exhaust, burning
fossil fuels and biomass.

• Volcanic eruptions are a major natural event that injects large quantities of
aerosols into the atmosphere.

44.

How do aerosols contribute to air quality concerns?

(a) By reducing respiratory diseases
(b) By acting as natural air purifiers
(c) By causing air pollution and respiratory issues
(d) By having no impact on human health

Correct Answer: (c)

Solution: Aerosols, especially fine particulate matter (e.g., PM2.5 and PM10), are
significant contributors to air pollution and have well-documented adverse effects on
human health and the environment. How aerosols contribute to air quality concerns:

• Respiratory and Cardiovascular Issues: Fine aerosols can penetrate deep
into the lungs and even enter the bloodstream. Exposure is linked to a range of
health problems, including asthma exacerbation, bronchitis, reduced lung
function, heart attacks, strokes, and premature death. This directly contradicts
option (a) and (d).

• Reduced Visibility (Haze): Aerosols scatter and absorb light, leading to
reduced visibility and the formation of haze, which impacts aesthetics,
transportation safety, and tourism.
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• Climate Effects: Aerosols can influence climate by scattering or absorbing solar
radiation (direct effect) and by modifying cloud properties (indirect effect), such
as their brightness, lifetime, and precipitation efficiency.

• Deposition and Ecosystem Damage: Aerosols can deposit onto surfaces,
contributing to the soiling of materials and potentially harming ecosystems (e.g.,
acid deposition if aerosols are acidic).

Option (a) "By reducing respiratory diseases" is incorrect; aerosols generally
exacerbate them. Option (b) "By acting as natural air purifiers" is incorrect. While
some atmospheric processes can remove certain pollutants, aerosols themselves are
often the pollutants or contribute to pollution. Certain types of aerosols can act as
condensation nuclei for rain, which can "wash out" pollutants, but this is a complex
interaction, and primarily, aerosols are a concern. Option (c) "By causing air

pollution and respiratory issues" accurately describes their negative impact.
Option (d) "By having no impact on human health" is incorrect.

By causing air pollution and respiratory issues

Quick Tip

• Aerosols, particularly fine particulate matter (PM2.5), are major air pollu-
tants.

• They can penetrate deep into the lungs, causing or worsening respiratory
problems (asthma, bronchitis) and cardiovascular diseases.

• Aerosols also reduce visibility (haze) and can impact climate.

• They are a significant concern for public health and environmental quality.

45.

Which of the following human activities is a significant source of

anthropogenic trace metal contamination in soils?
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(a) Organic farming
(b) Mining and industrial activities
(c) Reforestation projects
(d) Environmental conservation efforts

Correct Answer: (b)

Solution: Anthropogenic (human-caused) trace metal contamination in soils refers to
the introduction of heavy metals and other trace elements into the soil at levels that
can be harmful to plants, animals, and humans. Significant sources include:

• Mining and Industrial Activities (option b):

– Mining and Smelting: Extraction and processing of ores (e.g., for lead,
zinc, copper, cadmium, arsenic) can release large quantities of trace metals
into the surrounding soil and water through dust, tailings, and wastewater.

– Industrial Processes: Various industries, such as metal plating, battery
manufacturing, tanneries, chemical plants, and fossil fuel combustion (e.g.,
coal burning releases mercury, arsenic), can discharge trace metals as waste
products or emissions that deposit on soil.

• Agriculture: Application of certain pesticides (e.g., older arsenical or
copper-based pesticides), phosphate fertilizers (which can contain cadmium), and
sewage sludge can introduce trace metals.

• Waste Disposal: Improper disposal of municipal solid waste, industrial waste,
and e-waste can lead to leaching of trace metals from landfills or dumpsites.

• Atmospheric Deposition: Emissions from industries and vehicles can deposit
trace metals over wide areas.

Let’s evaluate the other options:

• Organic farming (option a): This practice aims to minimize synthetic inputs
and typically reduces the risk of trace metal contamination compared to
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conventional farming that might use certain synthetic pesticides or fertilizers
with higher metal content. It is not a source of contamination.

• Reforestation projects (option c): These are efforts to restore forests and are
generally beneficial for the environment. They are not sources of metal
contamination.

• Environmental conservation efforts (option d): These activities are aimed
at protecting and improving the environment, not contaminating it with trace
metals.

Therefore, mining and industrial activities are major and well-documented significant
sources of anthropogenic trace metal contamination in soils.

Mining and industrial activities

Quick Tip

• Anthropogenic trace metal (heavy metal) contamination in soils is a serious
environmental issue.

• Key human activities responsible include:

– Mining operations and smelting (releases metals like Pb, Cd, As,
Cu).

– Industrial discharges and emissions (from manufacturing, power
generation).

– Use of some agricultural inputs (certain fertilizers, pesticides, sewage
sludge).

– Improper waste disposal.

• Organic farming, reforestation, and conservation efforts aim to reduce or
prevent pollution.
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46.

How does soil salinity affect plant growth?

(a) Promotes optimal growth
(b) Inhibits germination and growth
(c) Has no impact on plants
(d) Increases resistance to diseases

Correct Answer: (b)

Solution: Soil salinity refers to the presence of excessive amounts of soluble salts in
the soil water. High soil salinity can severely affect plant growth through several
mechanisms:

1. Osmotic Stress (Water Stress): High salt concentration in the soil solution
lowers the water potential of the soil. This makes it more difficult for plants to
absorb water through their roots, even if the soil is physically moist. Plants
experience physiological drought conditions. This can lead to reduced turgor,
wilting, and stunted growth.

2. Ion Toxicity: Specific ions present in high concentrations (e.g., Na+, Cl−, SO2−
4 ,

sometimes Boron) can be directly toxic to plant cells. They can interfere with
metabolic processes, enzyme activity, and damage cell membranes.

3. Nutrient Imbalance: High concentrations of certain ions (like Na+) can
interfere with the uptake and transport of essential nutrients (like K+, Ca2+) by
competing for uptake sites or altering membrane permeability. This leads to
nutrient deficiencies.

These effects collectively lead to:

• Inhibition of Germination: High salinity can prevent seeds from imbibing
enough water to germinate or can be toxic to emerging seedlings.

• Reduced Growth: Stunted root and shoot growth, reduced leaf area, and lower
biomass production are common.
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• Physiological Damage: Leaf burn, necrosis (tissue death), and premature leaf
senescence can occur.

• Reduced Yield: For crop plants, salinity significantly reduces crop yields.

Option (a) is incorrect; salinity is generally detrimental. Option (c) is incorrect; it has
significant impacts. Option (d) is incorrect; salinity stress often makes plants more
susceptible to diseases, not more resistant. Therefore, soil salinity inhibits

germination and growth.

Inhibits germination and growth

Quick Tip

• High soil salinity creates a stressful environment for most plants (except
halophytes).

• Osmotic effect: Reduces water uptake by roots, causing water stress.

• Specific ion toxicity: Certain ions (e.g., Na+, Cl−) can be directly harmful
to plant cells.

• Nutrient imbalance: Interferes with the uptake of essential nutrients.

• Collectively, these lead to poor seed germination, stunted growth, reduced
yields, and even plant death.

47.

What is the purpose of adding chlorine or ozone during water treatment?

(a) To remove suspended particles
(b) To neutralize pH levels
(c) To kill bacteria and viruses
(d) To enhance taste and odor

Correct Answer: (c)
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Solution: Chlorine and ozone are powerful oxidizing agents commonly used in water
treatment primarily for disinfection. Disinfection is the process of inactivating or
killing pathogenic (disease-causing) microorganisms, such as bacteria, viruses, and
protozoa, in the water to make it safe for consumption or other uses.

• Chlorine (Cl2, hypochlorite):

– Mechanism: Chlorine compounds (like hypochlorous acid, HOCl, formed
when chlorine dissolves in water) damage microbial cell membranes,
enzymes, and nucleic acids, leading to cell death.

– Advantages: Effective against a broad range of pathogens, provides a
residual disinfectant effect in the distribution system (protecting against
recontamination).

– Disadvantages: Can form disinfection byproducts (DBPs) like
trihalomethanes (THMs) if organic precursors are present; some pathogens
(e.g., Cryptosporidium) are chlorine-resistant.

• Ozone (O3):

– Mechanism: Ozone is a very strong oxidant that rapidly damages and
destroys microbial cell walls and other cellular components.

– Advantages: More effective than chlorine against a wider range of
pathogens, including chlorine-resistant ones like Cryptosporidium and
Giardia. Also effective for oxidizing and removing taste, odor, and color
compounds, and some organic micropollutants. Reduces DBP formation
compared to chlorine.

– Disadvantages: More expensive, unstable (short half-life), so it does not
provide a lasting residual disinfectant in the distribution system (often
requires secondary disinfection, e.g., with chloramine).

Option (a) To remove suspended particles: This is typically achieved by processes like
coagulation, flocculation, sedimentation, and filtration. Option (b) To neutralize pH
levels: pH adjustment uses acids or bases, not primarily chlorine or ozone, though
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chlorination can slightly affect pH. Option (d) To enhance taste and odor: While
ozone is effective at this, and chlorine can sometimes improve or worsen taste/odor,
their primary purpose is disinfection. For chlorine, taste/odor can be a negative side
effect (chlorinous taste).
Therefore, the primary purpose of adding chlorine or ozone is to kill bacteria and
viruses (and other pathogens).

To kill bacteria and viruses

Quick Tip

• Chlorine and ozone are strong oxidizing agents used as disinfectants in
water treatment.

• Their main goal is to inactivate or kill pathogenic microorganisms (bacteria,
viruses, protozoa) to prevent waterborne diseases.

• Ozone is generally more potent than chlorine and effective against a broader
range of microbes.

• Chlorine provides a residual disinfectant effect, while ozone does not.

• Other water treatment steps handle particle removal (filtration) or pH ad-
justment.

48.

Which of the following method is not used in water purification systems?

(a) Filtration
(b) Chlorination
(c) Distillation
(d) Fermentation

Correct Answer: (d)
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Solution: Water purification systems employ various methods to remove
contaminants and make water safe for its intended use (e.g., drinking, industrial
processes). Common methods include:

• Filtration (option a): Physical process of removing suspended solids, turbidity,
and some microorganisms by passing water through a porous medium. Different
types include sand filtration, membrane filtration (microfiltration, ultrafiltration,
nanofiltration, reverse osmosis).

• Chlorination (option b): A chemical disinfection process using chlorine or
chlorine-based compounds to kill pathogenic microorganisms (bacteria, viruses).

• Distillation (option c): A process of separating components of a mixture based
on differences in boiling points. Water is boiled into vapor and then condensed
back into liquid, leaving behind dissolved solids, salts, and many other
impurities. It is a highly effective purification method, though energy-intensive.

• Other common methods: Coagulation/flocculation, sedimentation, adsorption
(e.g., activated carbon), UV disinfection, ozonation, ion exchange.

Fermentation (option d) is a metabolic process in which microorganisms (like
bacteria or yeast) convert organic substances (typically carbohydrates) into simpler
compounds, often producing alcohol, organic acids, or gases. Examples include the
production of alcoholic beverages (beer, wine), yogurt, sauerkraut, and biofuels
(ethanol). Fermentation is not a method used for water purification; in fact, it often
involves adding substances or encouraging microbial growth for specific product
formation, which is contrary to purification goals.

Fermentation
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Quick Tip

• Water purification methods aim to remove contaminants.

• Common methods include:

– Physical: Filtration, sedimentation, distillation.

– Chemical: Chlorination (disinfection), ozonation, coagulation.

– Biological (sometimes, in specific treatment stages, e.g., activated
sludge, but not fermentation for purification).

– Adsorption: Activated carbon.

• Fermentation is a biological process used for producing foods, beverages,
and chemicals, not for purifying water.

49.

What is the purpose of primary treatment in wastewater treatment plants?

(a) To remove suspended solids
(b) To neutralize pH levels
(c) To kill harmful bacteria
(d) To remove dissolved minerals

Correct Answer: (a)

Solution: Wastewater treatment typically involves several stages: preliminary,
primary, secondary, and sometimes tertiary treatment. Primary treatment is the
stage following preliminary treatment (which removes large debris and grit). The main
purpose of primary treatment is the physical removal of settleable and floatable solids
from wastewater. This is achieved through processes like:

• Screening (if not fully covered in preliminary): Removes smaller floating
materials.

• Sedimentation: Wastewater is held in large tanks called primary clarifiers or
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sedimentation tanks, allowing heavier solid particles (suspended solids) to
settle to the bottom by gravity, forming primary sludge. Lighter materials like
grease and oils float to the surface and are skimmed off.

By removing these suspended solids, primary treatment reduces the Biochemical
Oxygen Demand (BOD) and Total Suspended Solids (TSS) load on subsequent
treatment stages (like secondary treatment). Option (b) To neutralize pH levels: pH
adjustment might occur at various stages if needed, but it’s not the primary purpose
of primary treatment. Option (c) To kill harmful bacteria: Disinfection (killing
bacteria) is typically a final step, often part of tertiary treatment or after secondary
treatment. Primary treatment has limited effect on pathogen removal. Option (d) To
remove dissolved minerals: Removal of dissolved minerals (e.g., salts) usually requires
advanced treatment processes like reverse osmosis or ion exchange, which are part of
tertiary or advanced treatment, not primary.

To remove suspended solids

Quick Tip

• Primary treatment in wastewater plants focuses on physical separation
processes.

• Its main goal is to remove settleable suspended solids through sedimen-
tation and floatable materials (like grease and oil) through skimming.

• This significantly reduces the load of pollutants for subsequent biological
treatment (secondary treatment).

• It does not primarily aim to kill bacteria or remove dissolved substances.

50.

Which process is commonly used in secondary treatment to break down

organic matter?

(a) Filtration
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(b) sedimentation
(c) Chlorination
(d) Activated sludge process

Correct Answer: (d)

Solution: Secondary treatment in wastewater treatment plants is primarily
focused on the biological degradation of dissolved and suspended organic matter that
remains after primary treatment. This is achieved by using microorganisms. Common
secondary treatment processes include:

• Activated Sludge Process (option d): This is a widely used aerobic
biological process. Wastewater (effluent from primary treatment) is mixed with a
concentrated suspension of microorganisms (activated sludge) in an aerated tank
(aeration basin). The microorganisms consume the organic pollutants as a food
source, converting them into carbon dioxide, water, and new microbial biomass.
The mixture then flows to a secondary clarifier where the microbial biomass
settles out (as secondary sludge), and the treated water is discharged.

• Trickling Filters: Wastewater is trickled over a bed of media (e.g., rocks,
plastic) coated with a biofilm of microorganisms. These microbes degrade the
organic matter as the water passes through.

• Rotating Biological Contactors (RBCs): Similar to trickling filters, but the
media (discs) rotate through the wastewater, allowing microbial biofilms to grow
and degrade pollutants.

Option (a) Filtration can be used at various stages, including tertiary treatment for
polishing effluent, but it’s not the primary biological process for organic matter
breakdown in secondary treatment. Option (b) Sedimentation is used in primary
treatment (primary clarifiers) and after biological processes in secondary treatment
(secondary clarifiers) to settle out solids, but it’s a physical separation process, not a
biological degradation process itself. Option (c) Chlorination is a disinfection process
typically used after secondary treatment to kill pathogens, not primarily to break
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down organic matter (though it can oxidize some organics). Therefore, the activated
sludge process is a common biological process for breaking down organic matter in
secondary treatment.

Activated sludge process

Quick Tip

• Secondary treatment aims to remove dissolved and fine suspended organic
matter using biological processes.

• The Activated Sludge Process is a common aerobic biological method
where microorganisms in an aerated environment consume organic pollu-
tants.

• Other secondary treatment methods include trickling filters and rotating bi-
ological contactors.

• Filtration and sedimentation are physical processes; chlorination is for disin-
fection.

51.

What is the primary function of baghouse filters in air pollution control?

(a) To remove sulfur dioxide (SO2)
(b) To remove nitrogen oxides (NOx)
(c) To remove particulate matter
(d) To neutralize acidic gases

Correct Answer: (c)

Solution: Baghouse filters, also known as fabric filters, are air pollution control
devices designed to remove particulate matter (PM) from industrial exhaust gases
or air streams. Their operation is similar to a vacuum cleaner bag:

• Dirty, particle-laden gas enters the baghouse.
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• The gas is forced to pass through a series of long, cylindrical fabric bags (filters).

• The fabric material traps the particulate matter on its surface, allowing the
cleaned gas to pass through.

• Over time, a layer of dust (dust cake) builds up on the bags, which actually
enhances the filtration efficiency for finer particles.

• Periodically, the collected dust must be removed from the bags using various
cleaning mechanisms (e.g., shaking, reverse air flow, pulse-jet cleaning) and
collected in a hopper for disposal.

Baghouse filters are highly efficient at removing a wide range of particle sizes,
including fine particulates. Options (a), (b), and (d) describe the removal or
neutralization of gaseous pollutants, which is not the primary function of baghouse
filters. Other technologies are used for these purposes:

• For SO2 removal (option a): Wet scrubbers, dry sorbent injection.

• For NOx removal (option b): Selective Catalytic Reduction (SCR), Selective
Non-Catalytic Reduction (SNCR).

• For neutralizing acidic gases (option d): Scrubbers using alkaline solutions.

While some specialized filter media might have sorbent properties for certain gases,
the fundamental and primary function of a standard baghouse filter is particulate
matter removal.

To remove particulate matter
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Quick Tip

• Baghouse filters (fabric filters) are designed to capture particulate

matter (dust, ash, fumes) from gas streams.

• They work by passing the gas through fabric bags that act as filters.

• They are highly efficient for a wide range of particle sizes.

• Gaseous pollutants like SO2, NOx, or acidic gases require different control
technologies (e.g., scrubbers, catalytic converters).

52.

Which of the following is a method used to control sulfur dioxide (SO2)

emissions?

(a) Wet scrubbing
(b) Catalytic converters
(c) Baghouse filters
(d) Electrostatic precipitators

Correct Answer: (a)

Solution: Sulfur dioxide (SO2) is a major air pollutant primarily from the combustion
of fossil fuels containing sulfur (e.g., coal in power plants) and industrial processes.
Various methods are used to control its emissions:

• Wet Scrubbing (Flue Gas Desulfurization - FGD) (option a): This is a
common and effective method. In a wet scrubber, the flue gas containing SO2 is
brought into contact with a liquid scrubbing solution (slurry).

– Lime/Limestone Scrubbing: A common type uses a slurry of limestone
(CaCO3) or lime (CaO). SO2 reacts with these alkaline materials to form
calcium sulfite (CaSO3) or calcium sulfate (CaSO4, gypsum if oxidized),
which can be removed as a solid byproduct. SO2 + CaCO3 → CaSO3 + CO2
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SO2 + Ca(OH)2 → CaSO3 + H2O (lime is CaO, which forms Ca(OH)2 with
water)

• Dry Sorbent Injection (DSI): A dry alkaline sorbent (e.g., powdered lime,
sodium bicarbonate) is injected into the flue gas. SO2 reacts with the sorbent to
form solid particles that are then removed by particulate control devices (like
baghouses or ESPs).

• Switching to low-sulfur fuels.

Other options:

• Catalytic Converters (option b): Primarily used in vehicles to reduce
emissions of carbon monoxide (CO), hydrocarbons (HC), and nitrogen oxides
(NOx). They are not designed for SO2 control from large industrial sources.

• Baghouse Filters (option c): Used to remove particulate matter, not gaseous
SO2 (unless used in conjunction with DSI where SO2 has reacted to form
particles).

• Electrostatic Precipitators (ESPs) (option d): Used to remove particulate
matter by using electrostatic forces, not gaseous SO2.

Therefore, wet scrubbing is a primary method for SO2 emission control.

Wet scrubbing

Quick Tip

• Wet scrubbing (a type of Flue Gas Desulfurization, FGD) is a widely used
technology to remove sulfur dioxide (SO2) from flue gases.

• It involves contacting the flue gas with an alkaline scrubbing liquid (e.g., lime
or limestone slurry) that reacts with and removes SO2.

• Catalytic converters target CO, HC, and NOx from vehicles.

• Baghouse filters and ESPs are for particulate matter control.

83



53.

The permissible noise level in industrial areas in India is

(a) 65 dB for day time and 55 dB at night
(b) 75 dB for daytime and 70 dB at night
(c) 55 dB for daytime and 45 dB at night
(d) 45 dB for daytime and 35 dB at night

Correct Answer: (b)

Solution: In India, the noise pollution standards are prescribed by the Central
Pollution Control Board (CPCB) under the Noise Pollution (Regulation and Control)
Rules, 2000. These rules specify ambient noise quality standards for different area
categories: Industrial, Commercial, Residential, and Silence Zones, with different
limits for daytime and nighttime. The ambient air quality standards in respect of noise
for Industrial areas are:

• Day Time (6:00 a.m. to 10:00 p.m.): 75 dB(A) Leq

• Night Time (10:00 p.m. to 6:00 a.m.): 70 dB(A) Leq

(Note: Leq refers to the equivalent continuous sound level, and dB(A) indicates
A-weighted decibels, which mimics human hearing response).
Let’s check the options against these standards: (a) 65 dB (day) and 55 dB (night):
These are the limits for Commercial areas. (b) 75 dB (day) and 70 dB (night):

These match the limits for Industrial areas. (c) 55 dB (day) and 45 dB (night):
These are the limits for Residential areas. (d) 45 dB (day) and 35 dB (night): These
are lower than the Silence Zone limits (Silence Zone: 50 dB day, 40 dB night).
Therefore, the correct permissible noise level for industrial areas in India is 75 dB for
daytime and 70 dB at night.

75 dB for daytime and 70 dB at night
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Quick Tip

• Indian Noise Pollution (Regulation and Control) Rules, 2000, define ambient
noise standards.

• Standards vary by area type (Industrial, Commercial, Residential, Silence
Zone) and time (Day/Night).

• For Industrial Areas:

– Day Time: 75 dB(A) Leq

– Night Time: 70 dB(A) Leq

• For Commercial Areas: Day 65 dB(A), Night 55 dB(A).

• For Residential Areas: Day 55 dB(A), Night 45 dB(A).

• For Silence Zones: Day 50 dB(A), Night 40 dB(A).

54.

Which parameter is commonly measured to determine the biochemical

oxygen demand (BOD) of wastewater?

(a) Nitrate concentration
(b) Ammonia level
(c) Dissolved oxygen
(d) Organic content

Correct Answer: (c)

Solution: Biochemical Oxygen Demand (BOD) is a measure of the amount of
dissolved oxygen (DO) consumed by aerobic microorganisms while decomposing
organic matter present in a water sample, under specific conditions (typically at 20°C
for 5 days, known as BOD5). It is an indirect measure of the amount of biodegradable
organic pollution in water. The BOD test procedure involves:

1. Measuring the initial dissolved oxygen (DOi) concentration in a known
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volume of the water sample (often diluted).

2. Incubating the sample in a sealed, dark bottle at a constant temperature (usually
20°C) for a specified period (usually 5 days). During this time, aerobic
microorganisms in the sample consume organic matter and, in doing so, consume
dissolved oxygen.

3. After the incubation period, measuring the final dissolved oxygen (DOf)

concentration in the sample.

4. The BOD is then calculated as the difference between the initial and final DO
levels, adjusted for any dilution: BOD (mg/L) = (DOi - DOf ) × Dilution Factor

Therefore, dissolved oxygen is the parameter that is directly measured at the
beginning and end of the incubation period to determine BOD. Option (a) Nitrate
concentration and (b) Ammonia level are forms of nitrogen, which can contribute to
nutrient pollution and exert a nitrogenous oxygen demand (NOD) over longer periods,
but BOD specifically measures the oxygen consumed for carbonaceous organic matter
degradation. Option (d) Organic content is what BOD indicates or estimates
(specifically, the biodegradable portion), but it’s not the parameter measured to
determine BOD. The consumption of dissolved oxygen due to the degradation of
organic content is what’s measured.

Dissolved oxygen
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Quick Tip

• BOD measures the amount of oxygen consumed by microbes to decompose
organic matter in water.

• The test involves measuring the dissolved oxygen (DO) concentration in a
water sample initially and after a period of incubation (e.g., 5 days at 20°C).

• The difference in DO levels (DOinitial - DOfinal) represents the oxygen con-
sumed, which is the BOD.

• So, dissolved oxygen is the parameter directly measured to calculate BOD.

55.

Which of the following is an indicator of wastewater salinity?

(a) Conductivity
(b) Total suspended solids (TSS)
(c) pH level
(d) BOD level

Correct Answer: (a)

Solution: Wastewater salinity refers to the concentration of dissolved salts (ions) in
the water. These salts can include chlorides, sulfates, carbonates, sodium, potassium,
calcium, magnesium, etc. A common and convenient indicator of the total dissolved
salt content, and thus salinity, is electrical conductivity (EC) or simply
conductivity.

• Conductivity (option a): Pure water is a poor conductor of electricity.
Dissolved ionic substances (salts) increase the water’s ability to conduct an
electrical current. The higher the concentration of dissolved salts, the higher the
electrical conductivity of the water. Therefore, conductivity is widely used as a
quick and easy surrogate measure for total dissolved solids (TDS) and salinity.

Let’s look at other options:
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• Total Suspended Solids (TSS) (option b): This measures the mass of
undissolved particulate matter suspended in the water. It is not a direct measure
of dissolved salt content or salinity.

• pH level (option c): This measures the acidity or alkalinity of the water
(hydrogen ion concentration). While certain dissolved salts can influence pH, pH
itself is not a direct measure of overall salinity.

• BOD level (Biochemical Oxygen Demand) (option d): This measures the
amount of oxygen required by microorganisms to decompose organic matter. It
indicates organic pollution, not salinity.

Therefore, conductivity is the most direct indicator of wastewater salinity among the
given options.

Conductivity

Quick Tip

• Salinity is the measure of dissolved salts in water.

• Electrical Conductivity (EC) measures the ability of water to conduct
electricity, which is directly related to the concentration of dissolved ions
(salts).

• Higher salt content leads to higher conductivity.

• TSS measures undissolved particles. pH measures acidity/alkalinity. BOD
measures organic pollution.

56.

Which regulatory authority establishes the noise limits in industrial areas?

(a) Environmental Protection Agency (EPA)
(b) Food and Drug Administration (FDA)
(c) Federal Aviation Administration (FAA)
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(d) Occupational Safety and Health Administration (OSHA)

Correct Answer: (d)

Solution: This question asks about the regulatory authority for noise limits in
industrial areas. The options provided seem to refer to U.S. federal agencies, as "EPA,"
"FDA," "FAA," and "OSHA" are common acronyms for U.S. bodies. If this question
refers to the U.S. context:

• Occupational Safety and Health Administration (OSHA) (option d):

OSHA is part of the U.S. Department of Labor. OSHA’s mission is to ensure safe
and healthful working conditions for working men and women by setting and
enforcing standards and by providing training, outreach, education, and
assistance. This includes setting permissible exposure limits (PELs) for noise
within workplaces, including industrial areas, to protect workers’ hearing. For
example, OSHA’s standard (29 CFR 1910.95) sets a PEL of 90 dBA for an
8-hour time-weighted average (TWA).

• Environmental Protection Agency (EPA) (option a): The U.S. EPA has
authority under the Noise Control Act of 1972 to regulate noise pollution that
affects the general public and the environment (ambient noise). It can set
standards for products that are major noise sources. However, for noise inside

industrial areas affecting workers, OSHA is the primary regulator. For ambient
noise limits outside the industrial facility impacting the community, EPA or
state/local environmental agencies would be involved.

• Food and Drug Administration (FDA) (option b): The FDA regulates
food, drugs, medical devices, cosmetics, etc. It is not primarily involved in
setting noise limits in industrial areas.

• Federal Aviation Administration (FAA) (option c): The FAA regulates
civil aviation to promote safety. This includes regulations related to aircraft
noise, but not general industrial area noise.
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Given the context of "noise limits in industrial areas," this often refers to protecting
the hearing of workers within those areas, which falls under OSHA’s jurisdiction in the
U.S. If the question refers to ambient noise limits that an industrial area projects into
the surrounding community, then EPA or state/local agencies would be more relevant.
However, OSHA is directly responsible for worker safety, including noise exposure,
within industrial settings.
The marked answer is (d) OSHA. This aligns with the protection of workers from noise
hazards within the industrial workplace.
If the question were about India (as Q53 was), the Central Pollution Control Board
(CPCB) sets ambient noise limits. But the options here are U.S. agencies.

Occupational Safety and Health Administration (OSHA)

Quick Tip

• In the U.S., OSHA (Occupational Safety and Health Administration)

sets standards for workplace safety, including permissible noise exposure lim-
its for workers in industrial areas to prevent hearing loss.

• The EPA (Environmental Protection Agency) regulates ambient noise
pollution affecting the general public and environment.

• FDA deals with food and drugs; FAA deals with aviation.

• The question likely refers to worker exposure within industrial areas.

57.

What is the purpose of a catalytic converter in vehicles?

(a) Increase fuel efficiency
(b) Reduce harmful emissions
(c) Improve engine performance
(d) Enhance vehicle sound

Correct Answer: (b)
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Solution: A catalytic converter is an exhaust emission control device that converts
toxic gases and pollutants in exhaust gas from an internal combustion engine into
less-toxic pollutants by catalyzing a redox reaction (an oxidation and a reduction).
The primary purpose is to reduce harmful emissions. Typical three-way catalytic
converters (used in gasoline-powered vehicles) target three main pollutants:

1. Carbon Monoxide (CO): Oxidized to carbon dioxide (CO2).
2CO + O2 → 2CO2

2. Hydrocarbons (HC) or Volatile Organic Compounds (VOCs): Unburnt
fuel is oxidized to carbon dioxide (CO2) and water (H2O).
CxHy + (x + y/4)O2 → xCO2 + (y/2)H2O

3. Nitrogen Oxides (NOx, i.e., NO and NO2): Reduced to nitrogen gas (N2)
and oxygen (O2). 2NOx → xO2 + N2

These conversions significantly reduce the amount of harmful pollutants released into
the atmosphere, thereby improving air quality. Option (a) Increase fuel efficiency:
While engine design aims for fuel efficiency, the catalytic converter itself primarily
deals with emissions post-combustion and can sometimes create slight backpressure,
which might marginally decrease efficiency if not well-designed. It’s not its primary
purpose. Option (c) Improve engine performance: The primary role is emission
control. It doesn’t directly improve engine power output; it might slightly hinder it
due to backpressure. Option (d) Enhance vehicle sound: Catalytic converters are part
of the exhaust system which includes mufflers for sound reduction. Converters
themselves are not for sound enhancement.

Reduce harmful emissions
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Quick Tip

• Catalytic converters are essential components in vehicle exhaust systems for
pollution control.

• They use catalysts (like platinum, palladium, rhodium) to convert harmful
exhaust gases into less harmful substances.

• Key conversions:

– Carbon Monoxide (CO) → Carbon Dioxide (CO2)

– Hydrocarbons (HC) → Carbon Dioxide (CO2) and Water (H2O)

– Nitrogen Oxides (NOx) → Nitrogen (N2) and Oxygen (O2)

• Their main purpose is to reduce air pollution from vehicles.

58.

Which parameter is commonly measured to assess the level of pathogens in

wastewater?

(a) pH level
(b) Chlorine concentration
(c) Total coliform count
(d) Dissolved oxygen

Correct Answer: (c)

Solution: Assessing the level of specific pathogens in wastewater can be complex,
time-consuming, and expensive because many different types of pathogens (bacteria,
viruses, protozoa) can be present. Therefore, indicator organisms are commonly
used. These are microorganisms whose presence in water suggests the potential
presence of fecal contamination and, consequently, pathogenic organisms. Coliform

bacteria, particularly fecal coliforms (like Escherichia coli or E. coli), are widely
used as indicator organisms.

• Total Coliform Count (option c): This measures the number of coliform
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bacteria in a water sample. Coliforms are generally found in the intestines of
warm-blooded animals and in the environment. While not all coliforms are
pathogenic, their presence in high numbers suggests recent fecal contamination
and an increased risk that pathogens associated with feces may also be present.
Fecal coliform or E. coli counts are more specific indicators of fecal contamination.

Let’s look at other options:

• pH level (option a): Measures acidity or alkalinity. While extreme pH can
affect pathogen survival, pH itself doesn’t quantify pathogen levels.

• Chlorine concentration (option b): This measures the amount of
disinfectant (chlorine) present. It’s important for ensuring disinfection
effectiveness, but it’s a measure of the disinfectant, not directly of the pathogen
load prior to disinfection or the remaining load.

• Dissolved oxygen (DO) (option d): Important for aquatic life and indicates
aerobic conditions. Low DO can be linked to organic pollution (which might be
associated with pathogens), but DO itself is not a direct measure of pathogen
levels.

Therefore, total coliform count (or more specifically, fecal coliform/E. coli counts) is a
standard parameter for assessing potential pathogen contamination in wastewater.

Total coliform count
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Quick Tip

• Direct detection of all specific pathogens is impractical for routine wastewater
monitoring.

• Indicator organisms, like coliform bacteria (total coliforms, fecal coliforms,
E. coli), are used instead.

• The presence and count of these indicator organisms suggest the potential
presence of fecal contamination and associated pathogens.

• Higher coliform counts indicate a greater risk of pathogen presence.

59.

What is the primary function of an Electrostatic Precipitator (ESP)?

(a) To remove particulate matter from air or gas streams
(b) To neutralize acidic pollutants
(c) To reduce nitrogen oxide emissions
(d) To remove volatile organic compounds (VOCs)

Correct Answer: (a)

Solution: An Electrostatic Precipitator (ESP) is an air pollution control device
that removes particulate matter (PM) from a gas stream (like flue gas from
industrial processes or power plants) using the force of an induced electrostatic charge.
The basic principle of operation involves several steps:

1. Charging: As the particle-laden gas passes through the ESP, the particles are
given an electrical charge (usually negative) by high-voltage discharge electrodes
(corona discharge).

2. Collection: The charged particles are then attracted to and collected on
oppositely charged (or grounded) collection plates or electrodes.

3. Removal: The collected particulate matter is periodically removed from the
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collection plates by rapping or washing, causing it to fall into hoppers for
disposal.

ESPs are highly efficient at removing a wide range of particle sizes, including fine
particles, and can handle large gas flow rates. They are commonly used in industries
like coal-fired power plants, cement plants, and steel mills. Option (a) accurately
describes this primary function. Options (b), (c), and (d) refer to the control of
gaseous pollutants, for which other technologies are typically used:

• Neutralizing acidic pollutants (option b): Scrubbers.

• Reducing nitrogen oxide emissions (option c): Selective Catalytic Reduction
(SCR), Selective Non-Catalytic Reduction (SNCR).

• Removing VOCs (option d): Adsorption (e.g., activated carbon), thermal
oxidation, biofiltration.

To remove particulate matter from air or gas streams

Quick Tip

• Electrostatic Precipitators (ESPs) are used to control particulate mat-

ter (PM) emissions.

• They work by electrostatically charging particles in a gas stream and then
collecting them on oppositely charged plates.

• ESPs are effective for a wide range of particle sizes and are common in large
industrial applications.

• They do not primarily target gaseous pollutants like acidic gases, NOx, or
VOCs.

60.

What are the primary pollutant responsible for formation of photochemical

smog?
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(a) Sulfur dioxide (SO2)
(b) Particulate matter (PM)
(c) Ozone (O3) and volatile organic compounds (VOCs)
(d) nitrogen oxides (NOx)

Correct Answer: (c)

Solution: Photochemical smog (also known as Los Angeles-type smog) is a complex
mixture of air pollutants formed when primary pollutants react in the atmosphere
in the presence of sunlight. The key primary pollutants involved are:

• Nitrogen Oxides (NOx): Primarily nitric oxide (NO) and nitrogen dioxide
(NO2), mainly from vehicle exhaust and industrial combustion.

• Volatile Organic Compounds (VOCs): A wide range of carbon-based
chemicals that evaporate easily, including hydrocarbons. Sources include vehicle
exhaust, industrial emissions, solvents, and natural emissions from vegetation.

These primary pollutants undergo a series of complex photochemical reactions
initiated by sunlight, leading to the formation of secondary pollutants, which
constitute photochemical smog. The most prominent secondary pollutants are:

• Ozone (O3): Ground-level ozone is a major component and a strong oxidant.

• Peroxyacetyl Nitrate (PAN) and other peroxyacyl nitrates.

• Aldehydes.

• Secondary particulate matter.

The question asks for "primary pollutant responsible". Both NOx and VOCs are
primary pollutants. Option (c) lists "Ozone (O3) and volatile organic compounds
(VOCs)". Ozone is a secondary pollutant (a product of the reactions), while VOCs are
primary pollutants. Option (d) lists "nitrogen oxides (NOx)", which is also a primary
pollutant.
This question is slightly ambiguously worded if it’s asking for *only* primary
pollutants. However, photochemical smog is characterized by high levels of ozone,
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which is formed from reactions involving VOCs and NOx. If the question implies "key
ingredients and products," then ozone and VOCs (and NOx) are all central. Given the
options: (a) Sulfur dioxide (SO2) is a primary pollutant associated with industrial
smog (London-type smog) and acid rain, not primarily photochemical smog. (b)
Particulate matter (PM) can be primary or secondary. While secondary PM is part of
photochemical smog, it’s not the sole primary precursor in the way NOx and VOCs
are. (c) Ozone (O3) is a major component and product of photochemical smog (a
secondary pollutant), and VOCs are key primary pollutants (precursors). This option
combines a product with a precursor. (d) Nitrogen oxides (NOx) are key primary

pollutants (precursors).
Often, photochemical smog is described as being formed from NOx and VOCs,
resulting in ozone, PAN, etc. If the question is interpreted as "Which of these options
best describes the chemical soup involved, considering both precursors and key
products specific to photochemical smog?", option (c) might be chosen because ozone
is the hallmark secondary pollutant, and VOCs are essential primary precursors. If the
question strictly means "primary pollutants that are responsible", then both VOCs
(from option c) and NOx (option d) are correct. Since only one option can be correct
and (c) includes the main product that defines photochemical smog (ozone) along with
a primary precursor (VOCs), it might be considered the intended answer in some
contexts. The image highlights (c) as correct. This implies the question is likely
looking for a combination of a key resultant pollutant (ozone) and a key precursor
(VOCs).
Alternatively, if the question intends to ask which combination of substances are
central to photochemical smog formation and its composition, then (c) highlights ozone
(the main characteristic secondary pollutant) and VOCs (a key primary pollutant).

Ozone (O3) and volatile organic compounds (VOCs)
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Quick Tip

• Primary pollutants that initiate photochemical smog are Nitrogen Oxides
(NOx) and Volatile Organic Compounds (VOCs).

• In the presence of sunlight, these react to form secondary pollutants.

• Key secondary pollutants in photochemical smog include ground-level Ozone

(O3), Peroxyacetyl Nitrate (PAN), and aldehydes.

• Option (c) combines a major secondary pollutant (Ozone) with a major pri-
mary pollutant (VOCs), which are both central to the phenomenon.

61.

The radioactive isotope to find the Earth’s age in radiometric dating of

rocks is

(a) Carbon-14
(b) Uranium-238
(c) Potassium-40
(d) Lead-206

Correct Answer: (b)

Solution: Radiometric dating is a technique used to date materials such as rocks or
carbon, in which trace radioactive impurities were selectively incorporated when they
were formed. The method uses the known decay rates of radioactive isotopes and the
current abundance of the parent isotope and its decay product. To determine the age
of the Earth and very old rocks, isotopes with very long half-lives are required.

• Uranium-238 (U-238) (option b): This isotope decays to Lead-206 (Pb-206)
through a series of alpha and beta decays. U-238 has a very long half-life of
about 4.47 billion years. The U-Pb dating method is one of the oldest and
most refined radiometric dating techniques and is widely used to date ancient
rocks, meteorites, and to estimate the age of the Earth (currently estimated at
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about 4.54 billion years).

• Potassium-40 (K-40) (option c): This isotope decays to Argon-40 (Ar-40)
and Calcium-40 (Ca-40) with a half-life of about 1.25 billion years. K-Ar
dating and Ar-Ar dating (a refinement) are also very important for dating old
rocks.

• Carbon-14 (C-14) (option a): This isotope has a relatively short half-life of
about 5,730 years. It is used for radiocarbon dating of organic materials (e.g.,
wood, bones, shells) up to about 50,000-60,000 years old. It is not suitable for
dating the Earth or very ancient rocks.

• Lead-206 (Pb-206) (option d): This is a stable daughter product of the U-238
decay series. Its abundance is measured relative to the parent isotope (U-238) to
determine age, but it is not the radioactive parent isotope used for dating in this
context.

While several isotopes with long half-lives (like U-238, U-235, K-40, Rb-87) are used
for dating old rocks, U-238 is a cornerstone for determining the age of the Earth and
the oldest terrestrial and extraterrestrial materials. Given the options, Uranium-238 is
a very prominent isotope for this purpose. Potassium-40 is also used for old rocks, but
U-238 is particularly significant for dating the Earth itself.

Uranium-238

99



Quick Tip

• To date very old materials like ancient rocks and the Earth, radioactive
isotopes with very long half-lives are needed.

• Uranium-238 (U-238) decays to Lead-206 (Pb-206) with a half-life of ap-
prox. 4.47 billion years. This is a primary method for dating the Earth.

• Potassium-40 (K-40) decays to Argon-40 (Ar-40) with a half-life of approx.
1.25 billion years, also used for old rocks.

• Carbon-14 has a much shorter half-life (5,730 years) and is used for dating
relatively young organic materials.

• Lead-206 is a stable daughter isotope, not the decaying parent.

62.

Which of the following is foliated sedimentary rock?

(a) Shale
(b) Marble
(c) Quartz
(d) Sandstone

Correct Answer: (a)

Solution: Foliation refers to the parallel alignment of platy or elongated mineral
grains in a rock, giving it a layered, banded, or sheet-like appearance. This texture is
typically developed in metamorphic rocks subjected to directed pressure. However,
some sedimentary rocks can also exhibit a similar layering, though it’s usually referred
to as lamination or fissility rather than true metamorphic foliation.

• Shale (option a): Shale is a fine-grained, clastic sedimentary rock composed
mainly of mud that is a mix of flakes of clay minerals and tiny fragments
(silt-sized particles) of other minerals, especially quartz and calcite. Shale is
characterized by its fissility, meaning it splits easily into thin layers or laminae

100



along parallel planes. This fissility is due to the parallel orientation of clay
mineral flakes, which aligns during compaction. This characteristic is analogous
to foliation in metamorphic rocks, and shale is often described as a "foliated" or,
more precisely, "fissile" sedimentary rock.

• Marble (option b): Marble is a non-foliated metamorphic rock formed
from the metamorphism of limestone or dolostone. It is composed primarily of
calcite and has a crystalline, granular texture.

• Quartz (option c): Quartz is a mineral (silicon dioxide, SiO2), not a rock type
in this context. Rocks like quartzite (metamorphic) or sandstone (sedimentary)
are composed primarily of quartz. Quartzite is non-foliated.

• Sandstone (option d): Sandstone is a clastic sedimentary rock composed
mainly of sand-sized mineral grains (often quartz). It is typically bedded (layered
due to deposition) but not usually described as foliated or fissile in the same way
as shale. It has a granular texture.

Given the options, shale is the sedimentary rock best known for a layered
characteristic (fissility) that resembles foliation. In a broader sense, if "foliated" is used
to describe any parallel layering in rocks, shale fits.

Shale
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Quick Tip

• Foliation typically refers to the parallel alignment of minerals in metamor-
phic rocks due to directed pressure (e.g., slate, schist, gneiss).

• Shale is a sedimentary rock that exhibits fissility, meaning it splits easily
into thin layers. This is due to the parallel alignment of clay particles during
compaction and is analogous to foliation.

• Marble is a non-foliated metamorphic rock.

• Sandstone is a sedimentary rock that shows bedding but not typically fissility
like shale.

• Quartz is a mineral.

63.

If no crystallization takes place, then the rock is

(a) Holocrystalline
(b) Plutonic
(c) Glassy
(d) Hypabyssal

Correct Answer: (c)

Solution: The texture of an igneous rock refers to the size, shape, and arrangement of
its mineral crystals. Crystallization occurs when molten rock (magma or lava) cools
and solidifies. The rate of cooling significantly influences the extent of crystallization
and the resulting texture.

• If no crystallization takes place, it means the molten rock cooled so rapidly
that ions did not have time to arrange themselves into an orderly crystalline
structure. The atoms are "frozen" in a disordered state, similar to the structure
of glass. Such a rock is said to have a glassy texture (option c). Obsidian is a
common example of a volcanic rock with a glassy texture.
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• Holocrystalline (option a): This term describes an igneous rock that is entirely

composed of crystals, meaning complete crystallization occurred. This typically
happens with slow cooling.

• Plutonic (option b): Also known as intrusive igneous rocks, these rocks form
from magma that cools slowly deep beneath the Earth’s surface. Slow cooling
allows for the growth of large, visible crystals (phaneritic texture), and these
rocks are typically holocrystalline.

• Hypabyssal (option d): These are intrusive igneous rocks that form at relatively
shallow depths below the surface, cooling more rapidly than plutonic rocks but
more slowly than volcanic (extrusive) rocks. They often have textures
intermediate between plutonic and volcanic rocks, such as porphyritic texture.

Therefore, if no crystallization occurs, the resulting rock has a glassy texture.

Glassy

Quick Tip

• Igneous rock texture depends on the cooling rate of magma/lava.

• Rapid cooling (e.g., lava erupting onto the surface) prevents crystal growth,
resulting in a glassy texture (e.g., obsidian). No crystals are formed.

• Slow cooling (e.g., magma deep underground) allows large crystals to form,
resulting in a phaneritic or holocrystalline texture.

• Holocrystalline: Rock is entirely crystalline.

• Plutonic: Igneous rocks formed at depth (slow cooling).

• Hypabyssal: Igneous rocks formed at shallow depths.

64.
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Which type of crust is formed when the older rocks are pushed above the

younger rocks in earth’s crust?

(a) Normal fault
(b) Reverse fault
(c) Strike-slip fault
(d) Thrust fault

Correct Answer: (d)

Solution: This question describes a situation resulting from compressional tectonic
forces where older rock strata are pushed up and over younger strata. This geological
structure is characteristic of certain types of faults:

• Faults are fractures or zones of fractures between two blocks of rock. Faults
allow movement between the blocks.

• Normal Fault (option a): Occurs due to tensional forces (pulling apart). The
hanging wall (block above the fault plane) moves down relative to the footwall
(block below the fault plane). This typically results in younger rocks overlying
older rocks in a simple sequence (unless there’s significant tilting or erosion).

• Reverse Fault (option b): Occurs due to compressional forces (pushing
together). The hanging wall moves up relative to the footwall. This can result in
older rocks being pushed over younger rocks. The fault plane in a reverse fault is
steeply dipping (typically greater than 45 degrees).

• Strike-Slip Fault (option c): Occurs due to shear forces. The blocks of rock
move horizontally past each other, parallel to the strike of the fault. There is
little to no vertical displacement.

• Thrust Fault (option d): A thrust fault is a specific type of reverse fault

where the fault plane has a shallow dip, typically less than 45 degrees (often
much less, e.g., <30 degrees). Due to the shallow angle, large sheets of older rock
(thrust sheets or nappes) can be pushed horizontally for many kilometers over
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younger rocks. This process is common in mountain building (orogenesis) and is
very effective at placing older rocks on top of younger rocks over extensive areas.

The description "older rocks are pushed above the younger rocks" is characteristic of
both reverse faults and thrust faults. However, thrust faults are particularly known for
creating large-scale displacements where extensive sheets of older rock overlie younger
rock. Given that "Thrust fault" is an option and it’s a specific type of fault known for
this phenomenon, especially on a large scale, it is often the more precise answer in
such contexts. If the question refers to a general "pushing above," reverse fault is also
applicable. Since thrust fault is a specialized reverse fault that prominently does this,
it’s a strong candidate. The question asks "which type of crust is formed," which is
slightly awkward wording. It likely means "which type of faulting leads to this crustal
configuration." Thrust faulting results in such a configuration.

Thrust fault

Quick Tip

• Faults are fractures where rock blocks move relative to each other.

• Reverse faults and thrust faults are caused by compressional forces.

• In both, the hanging wall moves up relative to the footwall, which can place
older rocks on top of younger rocks.

• A thrust fault is a low-angle reverse fault (dip < 45°, often < 30°). They
are responsible for large-scale overthrusting of rock sheets.

• Normal faults (tensional) result in the hanging wall moving down.

• Strike-slip faults involve horizontal movement.

65.

Which landform is formed when the glacier cuts a U-shaped valley by

abrasion?
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(a) Fjords
(b) Corris
(c) Aretes
(d) Butte

Correct Answer: (a)

Solution: Glaciers are powerful agents of erosion, carving distinctive landforms. One
of the most characteristic landforms created by glacial valley erosion is a U-shaped

valley.

• U-shaped Valleys: Rivers typically carve V-shaped valleys. When a glacier
occupies a pre-existing river valley, its immense weight and movement cause it to
erode the valley floor and sides much more effectively. Glacial erosion processes
include:

– Abrasion: Rock fragments embedded in the base and sides of the glacier
scrape and grind against the bedrock, like sandpaper, smoothing and
deepening the valley.

– Plucking (Quarrying): Meltwater seeps into cracks in the bedrock,
freezes, and expands, dislodging rock fragments that are then carried away
by the glacier.

This combined action widens the valley floor and steepens its sides, transforming
a V-shaped valley into a characteristic U-shape.

Now let’s consider the options:

• Fjords (option a): A fjord is a long, narrow, deep inlet of the sea between high
cliffs, typically formed by submergence of a glacially carved U-shaped valley

after the glacier has retreated and sea level has risen. So, a fjord is a U-shaped
valley that has been inundated by the sea. The question asks about the landform
cut by the glacier, which is the U-shaped valley itself.
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• Corries (Cirques) (option b): These are armchair-shaped hollows with a
steep back wall and a C-shaped plan, formed by glacial erosion at the head of a
valley glacier. They are sources of valley glaciers.

• Arêtes (option c): These are narrow, knife-edged ridges formed when two
adjacent cirques or parallel U-shaped valleys erode towards each other, leaving a
sharp ridge in between.

• Butte (option d): A butte is an isolated hill with steep, often vertical sides and
a small, relatively flat top. It is a landform typically created by erosion in arid or
semi-arid regions, often associated with river erosion or wind erosion of
horizontally bedded rocks, not directly by glacial abrasion forming a U-shaped
valley.

The question asks "Which landform is formed when the glacier cuts a U-shaped valley
by abrasion?". A U-shaped valley is the landform. If that U-shaped valley is later
flooded by the sea, it becomes a fjord. Given the options, "Fjords" directly implies the
prior existence of a glacially carved U-shaped valley. While "U-shaped valley" itself
would be the most direct answer to "what is cut," a fjord is a specific type of such
valley that has been drowned. The question focuses on the valley cut by abrasion,
which is the U-shaped valley. Fjords are a consequence of these valleys in coastal
areas. It seems the question implies "what is the name of such a U-shaped valley,
especially if drowned by the sea".

Fjords
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Quick Tip

• Glaciers transform V-shaped river valleys into U-shaped valleys through
erosion processes like abrasion and plucking.

• A fjord is a U-shaped glacial valley that has been inundated by the sea after
the glacier retreated.

• Corries (cirques) are armchair-shaped hollows at the head of a glacier.

• Arêtes are sharp ridges between glacial valleys or cirques.

• Buttes are erosional landforms typically found in arid regions.

66.

Which satellite series is operated by the French Space Agency (CNES)?

(a) LANDSAT series
(b) SPOT
(c) RS
(d) IKONOS

Correct Answer: (b)

Solution: Let’s identify the operating agencies for the given satellite series:

• LANDSAT series (option a): This is a long-running series of Earth
observation satellites operated by the United States, specifically a joint initiative
of NASA (National Aeronautics and Space Administration) and USGS (United
States Geological Survey).

• SPOT (Satellite Pour l’Observation de la Terre) (option b): This is a
series of commercial Earth observation satellites designed and developed by the
French Space Agency, CNES (Centre National d’Études Spatiales), in
partnership with Belgian and Swedish contributions. SPOT Image (now part of
Airbus Defence and Space) was responsible for the commercial distribution of
SPOT data.
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• RS (e.g., RADARSAT, Resourcesat):

– RADARSAT is a series of Canadian radar Earth observation satellites
operated by the Canadian Space Agency (CSA).

– Resourcesat is a series of Indian remote sensing satellites operated by
ISRO (Indian Space Research Organisation). The generic "RS" is too vague,
but prominent "RS" satellites are not French.

• IKONOS (option d): IKONOS was a commercial high-resolution Earth
observation satellite, the first to collect publicly available imagery at 1-meter
resolution. It was launched by Space Imaging (later GeoEye, now part of Maxar
Technologies), a U.S. company.

Therefore, the SPOT satellite series is operated by the French Space Agency (CNES).

SPOT

Quick Tip

• SPOT (Satellite Pour l’Observation de la Terre) is a French satellite
program for Earth observation, initiated by CNES.

• LANDSAT is a U.S. program (NASA/USGS).

• IKONOS was a U.S. commercial satellite.

• RADARSAT is Canadian (CSA); Resourcesat is Indian (ISRO).

67.

Which satellite sensor is used to monitor the environmental changes like

urban growth and deforestation?

(a) LiDAR sensor
(b) Radar sensor
(c) Magnetometer sensor
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(d) Infrared sensors

Correct Answer: (a)

Solution: Monitoring environmental changes like urban growth and deforestation
requires sensors that can map land cover and land use changes over time, often with
good spatial detail and the ability to distinguish different surface features.

• LiDAR (Light Detection and Ranging) sensor (option a): LiDAR is an
active remote sensing technology that measures distance by illuminating a target
with laser light and measuring the reflected light. It can create highly accurate
3D point clouds of the Earth’s surface.

– For urban growth, LiDAR can map building heights, urban sprawl, and
changes in urban structure with great detail.

– For deforestation, LiDAR can measure forest canopy height, structure, and
biomass, making it excellent for detecting changes in forest cover, identifying
selective logging, and quantifying forest degradation.

• Radar sensor (option b): Radar (Radio Detection and Ranging) is an active
sensor that uses microwaves. It can penetrate clouds and operate day and night.
It is used for various applications, including monitoring land surface changes
(e.g., deforestation, flooding, land subsidence), but optical sensors or LiDAR
often provide more direct information on vegetation type or urban features for
these specific tasks.

• Magnetometer sensor (option c): Measures magnetic fields. Used in
geophysics for mapping magnetic anomalies, mineral exploration, and studying
Earth’s magnetic field, not typically for monitoring urban growth or
deforestation.

• Infrared sensors (option d): This is a broad category.

– Optical multispectral/hyperspectral sensors often include
near-infrared (NIR) and short-wave infrared (SWIR) bands. These are very
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commonly used for monitoring vegetation health, land cover classification,
identifying deforestation, and mapping urban areas (e.g., Landsat,
Sentinel-2, MODIS).

– Thermal infrared sensors measure emitted heat and are used for
temperature mapping, fire detection, etc.

Both LiDAR and optical sensors (which include infrared bands) are heavily used for
monitoring urban growth and deforestation. Landsat (optical/infrared) has been a
workhorse for decades for this. LiDAR provides very high-resolution 3D data that is
excellent for detailed structural analysis. Given the options, LiDAR (a) is a strong
candidate due to its 3D mapping capabilities which are highly beneficial for both
urban structure and forest structure analysis. Optical/infrared sensors (implied by d)
are also extremely important. The question asks "Which satellite sensor...". While
LiDAR can be satellite-borne, it’s also very common on airborne platforms. Many
prominent satellite systems for deforestation and urban growth monitoring (e.g.,
Landsat, Sentinel) are passive optical sensors using various visible and infrared bands.
If (d) "Infrared sensors" is interpreted broadly to include multispectral sensors like
Landsat or Sentinel-2 (which have NIR and SWIR bands), then it is a very strong
contender. However, LiDAR (a) offers unique 3D structural information. The choice
between (a) and (d) can be context-dependent. LiDAR is excellent for detailed
structural changes. Multispectral infrared sensors are excellent for broader area land
cover classification and change detection. The provided answer is (a) LiDAR sensor.
This emphasizes the high-detail 3D mapping capability.

LiDAR sensor
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Quick Tip

• Monitoring urban growth and deforestation often involves analyzing changes
in land cover, land use, and vertical structure.

• LiDAR provides precise 3D measurements of the surface, excellent for map-
ping building heights, urban extent, forest canopy structure, and detecting
forest loss or degradation.

• Optical/Infrared sensors (e.g., on Landsat, Sentinel-2) are also widely
used to classify land cover, monitor vegetation health (using indices like
NDVI), and detect changes over large areas.

• Radar sensors can also monitor these changes, especially in cloudy regions.

• Magnetometers are not used for this purpose.

68.

What is the temporal resolution of MODIS?

(a) 1 day
(b) 5 days
(c) 10 days
(d) 14 days

Correct Answer: (a)

Solution: MODIS (Moderate Resolution Imaging Spectroradiometer) is a
key instrument aboard NASA’s Terra (EOS AM) and Aqua (EOS PM) satellites.
These satellites are in sun-synchronous, near-polar orbits. The temporal resolution

of a satellite sensor refers to how frequently it can observe the same area on the
Earth’s surface.

• The MODIS instrument has a wide swath width of 2,330 km.

• With two MODIS instruments (one on Terra, one on Aqua) in orbit, they provide
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global coverage almost daily. Specifically, most of the Earth’s surface is
imaged every 1 to 2 days.

• For many locations, especially at mid to high latitudes, it is possible to get
imagery from MODIS at least once per day, and sometimes twice a day (once
from Terra in the morning, once from Aqua in the afternoon).

Therefore, the effective temporal resolution of MODIS for global coverage is
approximately 1 day, considering the combined capability of the two satellites. Option
(a) "1 day" is the most accurate representation of MODIS’s high temporal resolution
for global observation. Options (b), (c), and (d) represent much longer revisit times,
which are characteristic of higher spatial resolution satellites with narrower swaths
(e.g., Landsat has a 16-day revisit cycle with one satellite).

1 day

Quick Tip

• Temporal resolution is the revisit frequency of a satellite for the same
location.

• MODIS is on two NASA satellites (Terra and Aqua).

• Due to its wide viewing swath, MODIS provides near-daily global cover-

age. Most locations are imaged every 1-2 days.

• This high temporal resolution is excellent for monitoring dynamic environ-
mental phenomena (e.g., vegetation phenology, snow cover, sea surface tem-
perature).

69.

How many bands does LANDSAT 8 have?

(a) 10
(b) 5

113



(c) 11
(d) 7

Correct Answer: (c)

Solution: Landsat 8, launched in 2013, carries two main instruments:

1. Operational Land Imager (OLI): This instrument collects image data for
nine spectral bands in the visible, near-infrared (NIR), and shortwave infrared
(SWIR) regions of the electromagnetic spectrum.

• Band 1: Coastal/Aerosol (0.43 - 0.45 µm)

• Band 2: Blue (0.45 - 0.51 µm)

• Band 3: Green (0.53 - 0.59 µm)

• Band 4: Red (0.64 - 0.67 µm)

• Band 5: Near Infrared (NIR) (0.85 - 0.88 µm)

• Band 6: SWIR 1 (1.57 - 1.65 µm)

• Band 7: SWIR 2 (2.11 - 2.29 µm)

• Band 8: Panchromatic (0.50 - 0.68 µm) - higher spatial resolution (15m)

• Band 9: Cirrus (1.36 - 1.38 µm) - for cirrus cloud detection

2. Thermal Infrared Sensor (TIRS): This instrument collects image data for
two thermal infrared bands.

• Band 10: Thermal IR 1 (10.60 - 11.19 µm)

• Band 11: Thermal IR 2 (11.50 - 12.51 µm)

In total, Landsat 8 provides data in 9 (OLI) + 2 (TIRS) = 11 spectral bands. The
previous Landsat 7 ETM+ sensor had 8 bands (including a panchromatic and one
thermal band, with its two thermal gain settings sometimes counted distinctly).
Landsat 5 TM had 7 bands. Therefore, Landsat 8 has 11 bands.

11
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Quick Tip

• Landsat 8 carries two sensors: OLI and TIRS.

• OLI (Operational Land Imager) has 9 spectral bands:

– Coastal/Aerosol, Blue, Green, Red, NIR, SWIR1, SWIR2, Panchro-
matic, Cirrus.

• TIRS (Thermal Infrared Sensor) has 2 thermal bands.

• Total bands for Landsat 8 = 9 (OLI) + 2 (TIRS) = 11 bands.

70.

Which colour of EM spectrum is used for LiDAR bathymetry studies?

(a) Yellow
(b) UV
(c) Red
(d) Green

Correct Answer: (d)

Solution: LiDAR (Light Detection and Ranging) bathymetry is a technique
used to measure the depth of water bodies by using laser pulses. For this application,
the laser light must be able to penetrate water with minimal absorption and scattering
to reach the seafloor or riverbed and then return to the sensor. The choice of laser
wavelength (color) is critical for water penetration:

• Water absorbs different wavelengths of light to varying degrees.

• Red light is strongly absorbed by water, so it has very limited penetration depth.

• Near-infrared (NIR) light, commonly used for terrestrial LiDAR, is also strongly
absorbed by water and is unsuitable for bathymetry.

• Ultraviolet (UV) light can also be absorbed and scattered significantly, and has
safety concerns.
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• Green light (typically around 532 nm) exhibits the best penetration in clear
to moderately turbid coastal and inland waters. This is because water has a
window of minimum absorption in the blue-green part of the spectrum. Green
lasers are therefore commonly used in bathymetric LiDAR systems.

• Blue light can also penetrate water well, sometimes even better than green in
very clear oceanic waters, but green lasers are often a good compromise for a
range of water clarities and are readily available.

Option (a) Yellow light has moderate penetration. Option (b) UV light is generally
not optimal. Option (c) Red light is poorly suited due to high absorption. Option (d)
Green light is the standard choice for most bathymetric LiDAR systems due to its
optimal water penetration characteristics in typical coastal and inland waters.

Green

Quick Tip

• LiDAR bathymetry uses lasers to measure water depths.

• The laser wavelength must be able to penetrate water effectively.

• Green lasers (e.g., 532 nm) are commonly used because green light has
good penetration in most water types (clear to moderately turbid).

• Red and infrared light are strongly absorbed by water and are not suitable
for bathymetry.

• Blue light can also be used, especially in very clear deep ocean waters.

71.

If the precipitation (P) in a region is 450 mm/year, evapotranspiration

(ET) is 200 mm/year, and the change in storage (∆S) is 80 mm/year, what

is the value of quick flow (Q)?

(a) 170 mm/year
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(b) 450 mm/year
(c) 250 mm/year
(d) 280 mm/year

Correct Answer: (a)

Solution: The water balance equation for a region can be expressed as: Precipitation
(P) = Evapotranspiration (ET) + Runoff (Q) + Change in Storage (∆S) P = ET + Q
+ ∆S
We are given: P = 450 mm/year ET = 200 mm/year ∆S = 80 mm/year (This usually
means storage is increasing. If it were decreasing, it might be represented as -80
mm/year, or the equation would be P + ∆Sdecrease = ET + Q. Assuming 80 mm/year
is an increase in storage, it’s an output from the available water for runoff).
The term "quick flow" (Q) generally refers to the total runoff, which includes surface
runoff and rapid subsurface flow. Rearranging the water balance equation to solve for
Q: Q = P - ET - ∆S
Substitute the given values: Q = 450 mm/year - 200 mm/year - 80 mm/year Q = 250
mm/year - 80 mm/year Q = 170 mm/year
Therefore, the value of quick flow (Q) is 170 mm/year.

170 mm/year

Quick Tip

• The basic water balance equation is: Inputs = Outputs + Change in Storage.

• For a catchment: Precipitation (P) = Evapotranspiration (ET) + Runoff (Q)
+ Change in Storage (∆S).

• Runoff (Q) is often referred to as quick flow or total streamflow in this context.

• Rearrange to find Q: Q = P - ET - ∆S.

• Ensure all units are consistent (here, all are mm/year).
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72.

What is the occurrence of orographic precipitation?

(a) When the warm air raises over a cold air mass
(b) By frontal lifting of air masses
(c) When the moist air raises over a mountain barrier
(d) By convection in the atmosphere

Correct Answer: (c)

Solution: Precipitation occurs when moist air rises, cools adiabatically (due to
expansion at lower pressures), and its water vapor condenses into clouds and eventually
falls as rain, snow, etc. There are different mechanisms that cause air to rise:

• Orographic Precipitation (option c): This occurs when moist air is forced to
rise as it encounters a topographic barrier, such as a mountain range. As the
air ascends the windward slope of the mountain, it expands and cools, leading to
condensation and precipitation. The leeward side of the mountain often
experiences a rain shadow effect (drier conditions) because the air has lost much
of its moisture and descends, warming and drying.

• Frontal Precipitation (options a and b): This occurs when two air masses
with different temperatures and moisture content meet.

– At a warm front, warm, less dense air rises gently over a colder, denser air
mass (as suggested by option a).

– At a cold front, cold, denser air actively pushes under warmer, less dense
air, forcing it to rise rapidly.

Option (b) "By frontal lifting of air masses" is a general term for this.

• Convective Precipitation (option d): This results from localized heating of
the Earth’s surface. The warmed surface heats the air above it, causing the air to
become less dense and rise (convection). As it rises, it cools, and if enough
moisture is present, clouds and precipitation (often thunderstorms) can form.
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Therefore, orographic precipitation specifically refers to precipitation caused by moist
air rising over a mountain barrier.

When the moist air raises over a mountain barrier

Quick Tip

• Orographic precipitation is mountain-induced. Moist air is forced upward
by a mountain range, cools, and condenses, leading to precipitation on the
windward side.

• Frontal precipitation occurs at the boundary (front) between warm and
cold air masses.

• Convective precipitation is caused by surface heating and subsequent
rising of warm, moist air.

73.

The portion of rain fall that hits the ground through canopy is called

(a) Interception loss
(b) Throughfall
(c) Interception gain
(d) Stem flow

Correct Answer: (b)

Solution: When precipitation (rain, snow) occurs over a vegetated area, it interacts
with the plant canopy before potentially reaching the ground. Several processes are
involved:

• Interception: Some precipitation is caught and retained on the surfaces of
leaves, branches, and stems of vegetation. This intercepted water may later
evaporate back into the atmosphere or be absorbed by the plant.
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• Throughfall (option b): This is the portion of precipitation that passes
directly through openings in the canopy or drips from the leaves and branches to
reach the ground surface beneath the canopy.

• Stemflow (option d): This is the portion of precipitation that is intercepted by
the canopy and then flows down the stems and trunks of the plants to reach the
ground.

• Interception Loss (option a): This is the amount of precipitation that is
intercepted by the canopy and subsequently evaporates back into the atmosphere
without reaching the ground. It is essentially Precipitation - (Throughfall +
Stemflow).

• Interception Gain (option c): This term is not standard in this context.
Sometimes, fog drip can lead to a net gain of water under a canopy compared to
open areas, but "interception gain" is not a typical term for a component of
rainfall partitioning.

The question asks for the portion of rainfall that hits the ground through the canopy.
This is precisely the definition of throughfall.

Throughfall

Quick Tip

• Interception: Rainfall caught by vegetation surfaces.

• Throughfall: Rainfall that passes directly through the canopy or drips from
it to the ground.

• Stemflow: Rainfall that flows down plant stems/trunks to the ground.

• Interception Loss: Intercepted water that evaporates before reaching the
ground.

• Effective precipitation reaching the ground under a canopy = Throughfall +
Stemflow.
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74.

If the average solar radiation received by the earth is 500 W/m2 and

reflects 70 W/m2, what is the available energy for absorption and heating

the surface?

(a) 500 W/m2

(b) 70 W/m2

(c) 430 W/m2

(d) 570 W/m2

Correct Answer: (c)

Solution: The interaction of solar radiation with the Earth’s surface involves several
processes:

• Incoming Solar Radiation (Insolation): The total amount of solar energy
received by the surface.

• Reflection (Albedo): A portion of the incoming solar radiation is reflected
back to space by the surface. The reflectivity of a surface is called its albedo.

• Absorption: The portion of the incoming solar radiation that is not reflected is
absorbed by the surface. This absorbed energy heats the surface.

• Transmission (less relevant for opaque surfaces like land): Some
radiation might pass through transparent or translucent materials.

The energy available for absorption and heating the surface is the incoming solar
radiation minus the reflected solar radiation. Given: Average solar radiation received
(Incoming) = 500 W/m2 Reflected solar radiation = 70 W/m2

Available energy for absorption and heating = Incoming Radiation - Reflected
Radiation Available energy = 500 W/m2 - 70 W/m2 Available energy = 430 W/m2

Option (a) is the total incoming radiation. Option (b) is the reflected radiation.
Option (d) is the sum of incoming and reflected, which is incorrect.

430 W/m2
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Quick Tip

• Energy absorbed by a surface = Total incoming energy - Energy reflected by
the surface.

• The fraction of energy reflected is related to the surface’s albedo.

• In this case: Absorbed Energy = 500 W/m2 − 70 W/m2 = 430 W/m2.

• This absorbed energy is what causes the surface to heat up.

75.

Soil suction pressure and soil moisture pressure can be measured by

(a) Tensiometers
(b) Lysimeter
(c) Infiltrometer
(d) Piezometers

Correct Answer: (a)

Solution: Soil suction pressure, also known as soil water potential or soil moisture
tension, is a measure of the tenacity with which water is held in the soil. It indicates
how much effort (negative pressure or suction) plants must exert to extract water from
the soil.

• Tensiometers (option a): These are instruments specifically designed to
measure soil water tension or matric potential (suction pressure). A tensiometer
typically consists of a porous ceramic cup connected to a water-filled tube and a
vacuum gauge or pressure transducer. The porous cup is buried in the soil. As
the soil dries, water is drawn out of the ceramic cup, creating a vacuum (negative
pressure) in the tube, which is measured by the gauge. This measurement
directly reflects the soil suction.

• Lysimeter (option b): A lysimeter is a device used to measure the amount of
actual evapotranspiration (ET) released by plants (usually crops or trees). It
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typically consists of a block of soil (often with vegetation) isolated from the
surrounding soil, with instruments to measure water inputs (precipitation,
irrigation) and outputs (drainage). It does not directly measure soil suction
pressure.

• Infiltrometer (option c): An infiltrometer is an instrument used to measure
the rate of water infiltration into soil. Common types include single-ring and
double-ring infiltrometers. It measures how fast water enters the soil, not the
suction pressure within the soil.

• Piezometers (option d): A piezometer is used to measure the piezometric
head or hydraulic head (groundwater pressure) at a specific point below the
water table in an aquifer. It measures positive pore water pressure in saturated
soils, not the negative suction pressure in unsaturated soils.

Therefore, tensiometers are the appropriate instruments for measuring soil suction
pressure or soil moisture tension.

Tensiometers

Quick Tip

• Soil suction pressure (or soil water potential, matric potential, soil mois-
ture tension) indicates how tightly water is held in the soil.

• Tensiometers are specifically designed to measure this suction pressure in
the unsaturated zone.

• Lysimeters measure evapotranspiration.

• Infiltrometers measure infiltration rate.

• Piezometers measure groundwater pressure (positive pressure below the wa-
ter table).
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76.

When a portion of rainfall does not infiltrate into the soil and becomes

surface runoff, it is called as

(a) Base flow
(b) Overland flow
(c) Cover flow
(d) Inter flow

Correct Answer: (b)

Solution: When rainfall occurs, several things can happen to the water:

• Infiltration: Water soaks into the soil surface.

• Interception: Water is caught by vegetation.

• Surface Storage/Detention: Water accumulates in puddles or depressions on
the surface.

• Surface Runoff: If the rainfall rate exceeds the infiltration capacity of the soil,
or if the soil becomes saturated, excess water begins to flow over the land surface.

Let’s examine the options:

• Overland Flow (option b): This is the term used to describe the movement of
water over the land surface, typically as a thin sheet or in small rills and
channels, before it reaches a larger stream or river. It occurs when precipitation
rate exceeds infiltration capacity or when the soil is saturated. This directly
matches the description in the question. It is a component of surface runoff.

• Baseflow (option a): This is the portion of streamflow that comes from
groundwater seeping into the stream channel. It is a slower, more sustained flow
and is not direct surface runoff from a rainfall event.

• Cover flow (option c): This is not a standard hydrological term in this context.
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• Interflow (Subsurface Stormflow) (option d): This is the lateral movement
of water within the unsaturated zone (vadose zone) or shallow saturated layers of
the soil, above the main groundwater table. It eventually emerges at the surface
or seeps into stream channels. It is faster than baseflow but slower than overland
flow.

The question describes water that "does not infiltrate into the soil and becomes surface
runoff." This is best described as overland flow.

Overland flow

Quick Tip

• Overland flow (also known as Horton overland flow or infiltration-excess
overland flow) occurs when rainfall intensity exceeds the soil’s infiltration
capacity, or when the soil is saturated. This water flows over the land surface.

• Baseflow is groundwater contribution to streams.

• Interflow is shallow subsurface flow.

• Overland flow is a rapid component of surface runoff.

77.

With regard to stream gauging, what for the stage-discharge curve is used?

(a) To measure the width of the stream
(b) To measure the depth of the stream and presence of debris in the stream
(c) To find out change in velocity of the stream
(d) To relate the water level of a stream to its discharge

Correct Answer: (d)

Solution: In stream gauging (also known as streamflow measurement), a
stage-discharge curve, often called a rating curve, is a fundamental tool.
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• Stage (Water Level): This is the height of the water surface in a stream or
river above a defined reference point (datum). Stage is relatively easy to measure
continuously using various instruments (e.g., staff gauge, pressure transducer,
ultrasonic sensor).

• Discharge (Flow Rate): This is the volume of water flowing past a specific
point in the stream per unit of time (e.g., cubic meters per second (m3/s) or
cubic feet per second (cfs)). Measuring discharge directly is more complex and
time-consuming, often involving measurements of stream velocity and
cross-sectional area.

A stage-discharge curve (rating curve) is a graphical or mathematical
relationship established for a specific stream gauging station. It plots corresponding
values of stage and discharge. The primary purpose of a stage-discharge curve is: To

relate the water level (stage) of a stream to its discharge (option d). Once
this relationship is established (by making a series of simultaneous stage and discharge
measurements over a range of flow conditions), hydrologists can then estimate the
discharge by simply measuring the stage, which is much easier to do continuously.
This allows for the generation of continuous discharge records.
Option (a) measuring width, (b) measuring depth/debris, and (c) finding change in
velocity are all components or factors that might be considered when initially
developing the rating curve (by making direct discharge measurements which involve
velocity and area), but the curve itself is then used to relate stage to discharge.

To relate the water level of a stream to its discharge
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Quick Tip

• A stage-discharge curve (rating curve) is an empirical relationship de-
veloped for a specific stream gauging site.

• It plots stage (water level) against corresponding discharge (flow rate).

• Its main use is to allow for the estimation of discharge from continuous or
periodic measurements of stage, as stage is easier to measure than discharge
directly.

• This is crucial for hydrological studies, water resource management, and flood
forecasting.

78.

What is a falling limb of a synthetic unit hydrograph?

(a) A part of hydrograph where discharge decreases
(b) Peak discharge of hydrograph
(c) A part of hydrograph where discharge increases
(d) The total volume of water in the hydrograph

Correct Answer: (a)

Solution: A hydrograph is a graph showing the rate of flow (discharge) versus time
past a specific point in a river, or other channel carrying flow. A typical storm
hydrograph (resulting from a rainfall event) has several key components:

• Rising Limb (option c): The portion of the hydrograph where the discharge is
increasing. This reflects the arrival of runoff from the catchment as a result of
rainfall.

• Crest Segment (Peak Discharge) (option b): The highest point on the
hydrograph, representing the maximum discharge during the event.

• Falling Limb (Recession Limb) (option a): The portion of the hydrograph
where the discharge is decreasing after the peak. This represents the
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withdrawal of water from storage in the catchment (e.g., channel storage, surface
detention, interflow, and eventually baseflow).

• Baseflow Separation Line: A line drawn on the hydrograph to separate direct
runoff (from the storm event) from baseflow (groundwater contribution).

A unit hydrograph is a hydrograph of direct runoff resulting from 1 unit (e.g., 1 cm
or 1 inch) of effective rainfall occurring uniformly over a catchment area at a uniform
rate during a specified duration. A synthetic unit hydrograph is a unit hydrograph
derived for an ungauged catchment (where rainfall and streamflow data are insufficient
to derive it directly) using empirical formulas based on catchment characteristics.
Regardless of whether it’s a storm hydrograph, unit hydrograph, or synthetic unit
hydrograph, the term "falling limb" consistently refers to the part of the hydrograph
where discharge decreases after reaching its peak. Option (d) The total volume of
water in the hydrograph is represented by the area under the hydrograph curve, not a
specific limb.

A part of hydrograph where discharge decreases

Quick Tip

• A hydrograph plots discharge (flow rate) against time.

• Key parts of a hydrograph:

– Rising limb: Discharge increases.

– Peak (crest): Maximum discharge.

– Falling limb (recession limb): Discharge decreases.

• This terminology applies to all types of hydrographs, including storm hydro-
graphs and unit hydrographs (derived or synthetic).

79.

What is the size range of sleet pellets?
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(a) Less than 1 mm in diameter
(b) Between 1 mm and 5 mm in diameter
(c) Between 5 mm and 10 mm in diameter
(d) Greater than 10 mm in diameter

Correct Answer: (b)

Solution: Sleet is a form of frozen precipitation consisting of ice pellets. It forms
when snowflakes melt as they fall through a relatively warm layer of air and then
refreeze as they pass through a subsequent deep layer of sub-freezing air near the
ground. The characteristics of sleet pellets are:

• They are typically small, translucent or transparent ice pellets.

• They usually bounce when hitting the ground or other hard surfaces and make a
distinctive sound.

Regarding size:

• Sleet pellets are generally defined as being 5 mm (0.2 inches) or less in

diameter.

• Some sources may specify a lower limit, but often the distinction is made from
hail, which is larger.

• Option (a) "Less than 1 mm in diameter" might describe very small ice pellets,
but the typical range extends larger.

• Option (b) "Between 1 mm and 5 mm in diameter" is a reasonable and
commonly cited range for sleet. Many definitions consider sleet to be ice pellets
specifically 5mm or less.

• Option (c) "Between 5 mm and 10 mm in diameter" and (d) "Greater than 10
mm in diameter" would typically classify the precipitation as hail. Hailstones are
formed by a different process (accretion of supercooled water droplets onto an ice
nucleus within strong updrafts of thunderstorms) and can be much larger.

129



Therefore, the size range of 1 mm to 5 mm is appropriate for sleet.

Between 1 mm and 5 mm in diameter

Quick Tip

• Sleet (ice pellets) forms when snowflakes melt and then refreeze into small
ice particles before reaching the ground.

• Sleet pellets are generally 5 mm (0.2 inches) or less in diameter.

• Precipitation particles larger than 5 mm formed in convective storms are
usually classified as hail.

• The range "Between 1 mm and 5 mm" is a good representation for sleet.

80.

Which of the following have higher evaporation rates?

(a) Wet soil
(b) Dry soil
(c) Grassland
(d) Concrete pavement

Correct Answer: (b)

Solution: Evaporation is the process by which water changes from a liquid to a gas or
vapor. The rate of evaporation depends on several factors, including water availability
at the surface, solar radiation (energy input), air temperature, humidity, and wind
speed. When considering evaporation from different surfaces, the availability of water
is key.

• Wet soil (option a): When soil is wet, water is readily available at the surface
for evaporation. The evaporation rate can be high, potentially approaching that
of an open water surface if the soil is saturated and energy is available.
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• Dry soil (option b): When the soil surface is dry, there is little or no free water
directly at the surface to evaporate. Water must move from deeper within the
soil to the surface by capillary action or as vapor, which is a much slower process.
Therefore, the evaporation rate from a truly dry soil surface is very low, often
near zero.

• Grassland (option c): Evaporation occurs from the soil surface beneath the
grass, and transpiration occurs from the grass leaves. The combined process is
evapotranspiration. The rate depends on soil moisture, plant characteristics, and
atmospheric conditions. A healthy grassland with moist soil will have significant
evapotranspiration.

• Concrete pavement (option d): When wet (e.g., after rain), concrete
pavement can have a high initial evaporation rate because water is on its surface.
However, concrete itself has very low porosity and water holding capacity, so once
the surface water evaporates, the rate drops significantly unless it is rewetted.

The question "Which of the following have higher evaporation rates?" is potentially
ambiguous without specifying the conditions (e.g., after a rain event, or long-term
average). However, if interpreted as the potential evaporation rate when water is
available, then wet surfaces would have higher rates. If interpreted as which surface
inherently promotes faster loss of its own moisture when initially wet, then surfaces
that dry out quickly due to exposure and material properties could be considered.
Let’s reconsider the typical understanding: Evaporation from a wet soil surface is
generally high if atmospheric conditions are favorable. Evaporation from a dry soil

surface is very low. Evapotranspiration from grassland (if soil is moist) can be
substantial. Evaporation from concrete pavement when wet can be high, but it
dries quickly.
The marked answer is (b) "Dry soil". This is counterintuitive if "higher evaporation
rates" means "loses water faster when water is present". Perhaps the question implies
"which surface, under conditions that normally lead to evaporation, will not exhibit
high rates due to lack of its own moisture source"? Or is it a trick question about
potential evaporation vs. actual evaporation? If we interpret "have higher evaporation
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rates" as "can sustain high evaporation", then "wet soil" or "grassland" (with moist soil)
would be better choices.
If the question is asking about the potential for evaporation if water were unlimited,
that’s different. If dry soil is chosen, it might be under a very specific interpretation:
that dry soil, being dry, has a very large vapor pressure deficit between its
(non-existent) surface water and the air, so if water were introduced, the initial

instantaneous potential might be high. This is a strained interpretation.
A more common understanding is that surfaces with available water evaporate more.
Thus, "wet soil" would be expected to have higher evaporation rates than "dry soil".
There might be a misunderstanding or a specific context for the provided answer.
Let’s assume there’s a reason for "Dry soil" being correct, possibly related to the
"potential" for the soil to absorb moisture from the air if the air is very humid and the
soil is hygroscopic, and then re-evaporate it, or perhaps related to heat absorption
characteristics.
However, in standard hydrology and meteorology: Actual Evaporation Rate from Dry
Soil ≈ 0. Actual Evaporation Rate from Wet Soil > 0 (can be high).
Given the provided correct answer is (b) "Dry soil", the reasoning must be
unconventional or refer to a specific phenomenon not immediately obvious. One
possibility is if "higher evaporation rates" refers to a scenario where dry soil gets
wetted and then dries out rapidly due to its properties (e.g., high surface temperature
due to low albedo and lack of evaporative cooling initially). Without further context
for this counterintuitive answer, a standard explanation is difficult. However, if we
must select based on the image:

Dry soil
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Quick Tip

• Evaporation rate depends on water availability, energy, humidity, and wind.

• Wet soil has water available at the surface, leading to potentially high evap-
oration if energy is supplied.

• Dry soil has very little surface water, so actual evaporation is very low.

• The choice of "Dry soil" as having higher evaporation rates is highly coun-
terintuitive in a general context and may depend on a specific, non-standard
interpretation (e.g., its capacity to dry out quickly if wetted due to heat
absorption, or a misunderstanding of the question’s intent). Standard un-
derstanding would favor wet surfaces.

81.

What is the major factor affecting the rate of groundwater recharge?

(a) Precipitation intensity
(b) Soil permeability
(c) Groundwater depth
(d) Land use

Correct Answer: (a)

Solution: Groundwater recharge is the process by which groundwater is replenished.
It occurs when water infiltrates the ground surface, percolates through the
unsaturated zone (vadose zone), and reaches the water table. Several factors affect the
rate of groundwater recharge:

• Precipitation Characteristics (Intensity, Duration, Amount, Type):

– Precipitation Intensity (option a): While sufficient rainfall is necessary,
very high intensity rainfall can exceed the infiltration capacity of the soil,
leading to more surface runoff and less infiltration (and thus less recharge).
Moderate, prolonged rainfall is often more effective for recharge than short,
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intense bursts. However, precipitation is the ultimate source of water for
recharge. If there’s no precipitation, there’s no recharge. The amount and
timing are crucial. "Intensity" is one aspect of this.

• Soil Permeability (option b): The ability of the soil and underlying geological
materials to transmit water. Highly permeable soils (e.g., sandy soils) allow for
greater infiltration and percolation rates, favoring recharge. Impermeable soils
(e.g., heavy clays) restrict infiltration. This is a very critical factor.

• Topography/Slope: Steep slopes promote runoff and reduce infiltration, while
flat or gently sloping areas favor infiltration.

• Vegetation Cover/Land Use (option d): Vegetation can intercept rainfall
and increase evapotranspiration, reducing the amount of water available for
recharge. However, roots can also create pathways for infiltration. Urbanization
(impervious surfaces) significantly reduces recharge. Certain land uses (e.g.,
agriculture with irrigation) can enhance or reduce recharge.

• Depth to Water Table (Groundwater Depth) (option c): If the water
table is very shallow, the capacity for additional recharge may be limited, or
recharge may occur more quickly. If it’s very deep, water has a longer path to
travel.

• Evapotranspiration Rates: High ET rates can reduce the amount of water
available for recharge.

The question asks for the "major factor." All listed options are important.

• Precipitation (amount, intensity, duration) is the primary source of water.
Without sufficient precipitation, other factors are irrelevant.

• Soil permeability dictates how easily water can enter and move through the
ground.

• Land use can drastically alter infiltration and runoff patterns.
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Choosing a single "major" factor is challenging as they are interconnected. However,
precipitation characteristics (including intensity, amount, and duration) are
fundamental as they represent the input of water to the system. If the question
specifically highlights "intensity," it’s because too high intensity can lead to runoff over
infiltration. However, the overall amount of precipitation is arguably more "major" as
the source term. Given the provided answer is (a) "Precipitation intensity," this
implies that the rate at which rain falls is considered a dominant control. If rainfall is
too intense, infiltration capacity is exceeded, reducing recharge. If it’s too light, much
may evaporate before infiltrating.

Precipitation intensity

Quick Tip

• Groundwater recharge is influenced by many factors.

• Precipitation (amount, intensity, duration, type) is the source of water for
recharge.

• Soil permeability and geology control the ease of water movement into and
through the ground.

• Land use/cover (vegetation, impervious surfaces) affects infiltration and
evapotranspiration.

• Topography influences runoff vs. infiltration.

• While all are important, precipitation provides the water input, and its char-
acteristics (like intensity) influence how much becomes recharge versus runoff.

82.

Which artificial groundwater recharge technique causes directing extra

surface water to ponds or infiltration basins?

(a) Injection wells
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(b) Recharge pits
(c) Spreading basins
(d) Recharge trenches

Correct Answer: (c)

Solution: Artificial groundwater recharge involves techniques to augment the natural
replenishment of groundwater. Various methods are used depending on local
hydrogeological conditions and water availability:

• Spreading Basins (Infiltration Basins) (option c): This technique involves
diverting surface water (e.g., from rivers during high flow, treated wastewater, or
stormwater runoff) into specially constructed shallow basins or ponds. The water
spreads over a large area and gradually infiltrates through the permeable bottom
of the basin, percolating down to recharge the underlying aquifer. This method is
suitable where land is available and the surface soil and underlying strata are
permeable. This precisely matches the description "directing extra surface water
to ponds or infiltration basins."

• Injection Wells (option a): These are wells used to pump water directly into
an aquifer, often a confined aquifer or when surface infiltration is not feasible
(e.g., due to impermeable overlying layers or limited land). Water is injected
under pressure.

• Recharge Pits and Shafts (option b): These are similar to basins but are
typically smaller and deeper, often excavated down to more permeable strata if
the surface layer is less permeable. They are a form of infiltration structure.

• Recharge Trenches (option d): These are long, narrow excavations filled with
permeable material, designed to intercept surface runoff and promote infiltration.
They are often used along contours or in urban areas.

The description "directing extra surface water to ponds or infiltration basins" most
accurately describes the method of spreading basins or infiltration basins.

Spreading basins
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Quick Tip

• Artificial groundwater recharge enhances natural groundwater replenishment.

• Spreading basins (Infiltration basins): Surface water is spread over
large, shallow basins to promote infiltration through the basin floor into the
aquifer.

• Injection wells: Water is pumped directly into an aquifer.

• Recharge pits/shafts/trenches: Structures designed to enhance infiltra-
tion, often smaller or linear compared to basins.

83.

Which aquifer property is associated with specific yield of the aquifer?

(a) Porosity
(b) Permeability
(c) Storativity
(d) Transmissivity

Correct Answer: (a)

Solution: Aquifer properties describe its ability to store and transmit groundwater.

• Porosity (n): The ratio of the volume of voids (pore spaces) in a rock or soil to
its total volume. It represents the total water storage capacity of the material
when saturated.

• Specific Yield (Sy): For an unconfined aquifer, specific yield is the ratio of the
volume of water that will drain by gravity from a saturated rock or soil to the
total volume of the rock or soil. It represents the portion of water in the pores
that can actually be extracted by pumping or drainage.

• Specific Retention (Sr): The ratio of the volume of water that a saturated
rock or soil will retain against the pull of gravity (held by capillary forces) to its
total volume.
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The relationship between these three is: Porosity (n) = Specific Yield (Sy) +

Specific Retention (Sr) This means that specific yield is a component of the total
porosity. The water stored in the pores (porosity) is divided into water that can drain
out (specific yield) and water that is retained (specific retention). Therefore, porosity

is directly associated with specific yield.
Other options:

• Permeability (Hydraulic Conductivity, K) (option b): A measure of the
ability of a porous material to transmit fluids (water). While a material must be
permeable for water to drain (and thus have a specific yield), specific yield itself
is a measure of storage (drainable water volume), which is a fraction of porosity.

• Storativity (Storage Coefficient, S) (option c): The volume of water that
an aquifer releases from or takes into storage per unit surface area of the aquifer
per unit change in hydraulic head. For an unconfined aquifer, storativity is
approximately equal to its specific yield. For a confined aquifer, it’s much smaller
and related to the compressibility of the aquifer material and water. So, Sy is
related to S for unconfined aquifers, but the fundamental property Sy is derived
from is porosity.

• Transmissivity (T) (option d): A measure of how much water can be
transmitted horizontally by the full saturated thickness of an aquifer. T = K × b
(where K is hydraulic conductivity and b is saturated thickness). It relates to
flow, not directly storage in the sense of specific yield as a fraction of total void
space.

Specific yield is fundamentally a part of the total porosity.

Porosity
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Quick Tip

• Porosity (n): Total void space in a material.

• Specific Yield (Sy): Fraction of water in a saturated material that drains
by gravity.

• Specific Retention (Sr): Fraction of water retained against gravity.

• Relationship: Porosity (n) = Specific Yield (Sy) + Specific Retention

(Sr).

• Therefore, specific yield is directly related to and a component of porosity.

• Storativity of an unconfined aquifer is approximately equal to its specific
yield.

84.

If the transmissivity of the aquifer is 650 m2/day and the thickness of the

aquifer is 10 meters, then hydraulic conductivity of the aquifer is

(a) 650 m/day
(b) 65 m/day
(c) 10 m/day
(d) 160 m/day

Correct Answer: (b)

Solution: The relationship between transmissivity (T), hydraulic conductivity (K),
and aquifer thickness (b) is given by the formula: T = K × b
We are given: Transmissivity (T) = 650 m2/day Aquifer thickness (b) = 10 meters
We need to find the hydraulic conductivity (K). Rearranging the formula: K = T / b
Substitute the given values: K = (650 m2/day) / (10 m) K = 65 m/day
Let’s check the units: (m2/day) / m = m/day. The units are consistent for hydraulic
conductivity.
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Therefore, the hydraulic conductivity of the aquifer is 65 m/day.

65 m/day

Quick Tip

• Transmissivity (T) of an aquifer is the product of its hydraulic conduc-

tivity (K) and its saturated thickness (b).

• Formula: T = K × b

• To find K, rearrange: K = T / b

• Given T = 650 m2/day and b = 10 m.

• K = 650 / 10 = 65 m/day.

85.

In a groundwater model, the hydraulic conductivity of the aquifer is 10

m/day and the cross-sectional area perpendicular to the flow is 20 m2. The

hydraulic gradient is 0.006. Calculate the flow rate (Q) using the Darcy’s

Law.

(a) 1 m3/day
(b) 1.2 m3/day
(c) 2 m3/day
(d) 0.12 m3/day

Correct Answer: (b)

Solution: Darcy’s Law describes the flow of fluid through a porous medium. The
formula for discharge (flow rate, Q) is: Q = K × A × i Where:

• Q = Discharge or flow rate (e.g., m3/day)

• K = Hydraulic conductivity of the aquifer (e.g., m/day)
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• A = Cross-sectional area perpendicular to the flow (e.g., m2)

• i = Hydraulic gradient (dimensionless, e.g., m/m)

We are given: Hydraulic conductivity (K) = 10 m/day Cross-sectional area (A) = 20
m2 Hydraulic gradient (i) = 0.006
Substitute these values into Darcy’s Law: Q = (10 m/day) × (20 m2) × (0.006) Q =
(200 m3/day) × (0.006) Q = 200 × (6 / 1000) m3/day Q = 1200 / 1000 m3/day Q =
1.2 m3/day
Therefore, the flow rate (Q) is 1.2 m3/day.

1.2 m3/day

Quick Tip

• Darcy’s Law for groundwater flow: Q = K × A × i

• Q = Flow rate

• K = Hydraulic conductivity

• A = Cross-sectional area of flow

• i = Hydraulic gradient (change in head per unit distance)

• Substitute the given values: K = 10 m/day, A = 20 m2, i = 0.006.

• Q = 10 × 20 × 0.006 = 200 × 0.006 = 1.2 m3/day.

86.

What is the recharge mechanism of the dug well?

(a) Direct rain fall into the well openings
(b) By the lateral flow from nearby surface water bodies
(c) Through seepage from the surrounding areas after rain fall
(d) By artificial means such as recharge pits and collection from rooftops of houses
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Correct Answer: (a)

Solution: A dug well is a well excavated by hand or machine, typically of larger
diameter and shallower depth compared to drilled wells. Dug wells usually tap into
unconfined aquifers (water table aquifers). The recharge mechanisms for a dug well
can include:

• Infiltration of local precipitation: Rainwater falling on the ground surface
around the well infiltrates through the soil and percolates down to the water
table, then flows towards and into the well. This is described by option (c)
"Through seepage from the surrounding areas after rain fall."

• Lateral groundwater flow: Water from the surrounding unconfined aquifer
flows laterally towards the well, especially when the water level in the well is
lowered by pumping. This water itself is recharged by infiltration over a wider
area.

• Connection to surface water bodies (option b): If the well is located near
a river, lake, or pond and is hydraulically connected, water can flow from the
surface water body into the aquifer and then into the well (induced recharge), or
vice versa depending on relative water levels.

• Direct rainfall into the well opening (option a): This can contribute some
water, especially if the well opening is large and uncovered. However, for most
properly constructed and maintained wells, this is usually a minor component
compared to recharge through the surrounding ground. But it is a direct input.

• Artificial recharge (option d): This involves specific techniques to enhance
groundwater replenishment, which could benefit a dug well but is not its inherent
natural recharge mechanism.

The question asks for "the" recharge mechanism, implying a primary or defining one.
Option (a) "Direct rain fall into the well openings" is a direct pathway. Option (c)
"Through seepage from the surrounding areas after rain fall" describes the primary
natural way an unconfined aquifer (which dug wells tap) is replenished, and how the
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well then receives water from this aquifer. Given the simplicity of a dug well and often
its large opening, direct rainfall can be a non-negligible source, especially during
intense rain. However, sustained yield relies on the aquifer being recharged.
The provided answer is (a). This suggests that for "dug well," the direct entry of
rainwater is considered a significant or distinguishing recharge mechanism, perhaps in
contrast to drilled wells with smaller, sealed openings. While seepage from
surrounding areas (c) is crucial for the aquifer that feeds the well, (a) is a direct input
*to the well structure itself*. If the well casing is not sealed or if it’s a very wide
diameter traditional dug well, direct rainfall can be a notable input.

Direct rain fall into the well openings

Quick Tip

• Dug wells are typically shallow and tap unconfined aquifers.

• Recharge comes from:

– Infiltration of local rainfall into the ground around the well, then seepage
into the well (most significant natural recharge to the aquifer feeding the
well).

– Direct rainfall into the well opening if it’s uncovered or large.

– Lateral groundwater flow from the surrounding aquifer.

– Possible connection to nearby surface water.

• The choice of (a) as correct emphasizes direct entry, which can be more
prominent in open dug wells compared to other well types.

87.

What material is commonly used for casing in well construction?

(a) Steel
(b) Concrete
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(c) PVC
(d) Wood

Correct Answer: (c)

Solution: Well casing is a tubular lining installed in a well borehole to maintain the
well opening, prevent collapse of unstable geological formations, and seal off
undesirable water zones or contaminants. Various materials are used for well casing,
depending on factors like well depth, diameter, water quality, cost, and local
regulations. Common materials include:

• PVC (Polyvinyl Chloride) (option c): PVC is a widely used plastic material
for well casings, especially for domestic water wells, monitoring wells, and
shallower irrigation wells.

– Advantages: Lightweight, corrosion-resistant, relatively inexpensive, easy
to install, smooth surface reduces encrustation.

– Disadvantages: Lower strength compared to steel (limits depth and
diameter for some applications), susceptible to damage from some organic
solvents.

• Steel (option a): Steel (carbon steel, stainless steel) is a strong and durable
material used for well casings, particularly for deep wells, large diameter wells,
and in challenging geological conditions.

– Advantages: High strength, can withstand high stresses.

– Disadvantages: Heavier, more expensive than PVC, susceptible to
corrosion (unless stainless steel or coated).

• Concrete (option b): Concrete casings are sometimes used for large-diameter
dug wells or caissons, often constructed as precast rings. Not as common for
drilled wells compared to PVC or steel.

• Other plastics: HDPE (High-Density Polyethylene), ABS (Acrylonitrile
Butadiene Styrene).
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• Wood (option d): Historically, wood was used for lining dug wells, but it is
rarely used in modern well construction due to issues with durability, decay, and
potential contamination. Not a common material now.

Given the options, PVC is a very common and widely accepted material for well
casing, especially for many typical water well applications. Steel is also common,
especially for deeper or larger wells. The question asks "What material is commonly
used". Both PVC and steel are common. However, PVC has gained immense
popularity due to its cost-effectiveness and corrosion resistance for many standard
applications. The provided answer is (c) PVC.

PVC

Quick Tip

• Well casing lines the borehole to maintain its integrity and protect water
quality.

• Common casing materials:

– PVC (Polyvinyl Chloride): Widely used, especially for domestic and
monitoring wells; corrosion-resistant, cost-effective.

– Steel (Carbon or Stainless): Strong, used for deeper or larger wells.

– Concrete: Sometimes for large-diameter dug wells.

• Wood is an outdated material for well casing.

• PVC is a very common choice for many well types.

88.

Which type of aquifer has an impervious layer above and below it?

(a) Confined aquifer
(b) Unconfined aquifer
(c) Perched aquifer
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(d) Alluvial Aquifer

Correct Answer: (a)

Solution: Aquifers are underground layers of water-bearing permeable rock, rock
fractures, or unconsolidated materials (gravel, sand, or silt). They are classified based
on their hydrogeological characteristics:

• Confined Aquifer (Artesian Aquifer) (option a): A confined aquifer is an
aquifer that is sandwiched between two impervious layers (also called
aquicludes or confining layers), one above and one below it. The water in a
confined aquifer is typically under pressure greater than atmospheric pressure.
When a well penetrates a confined aquifer, the water level in the well will rise
above the top of the aquifer. If the pressure is high enough, water may flow freely
from the well (an artesian well).

• Unconfined Aquifer (Water Table Aquifer) (option b): An unconfined
aquifer has an impervious layer at its base, but its upper surface is the water

table, which is free to rise and fall and is at atmospheric pressure. It is directly
recharged by precipitation infiltrating from the ground surface.

• Perched Aquifer (option c): A perched aquifer is a localized zone of
saturation that occurs above the main regional water table. It forms when an
impermeable or slowly permeable layer (e.g., a clay lens) within the unsaturated
zone intercepts percolating water, causing it to "perch" or accumulate. It has an
impervious layer below it (the perching layer) but is typically unconfined above.

• Alluvial Aquifer (option d): This term refers to an aquifer formed in alluvial
deposits (sediments like sand and gravel deposited by rivers). Alluvial aquifers
can be either unconfined or confined, depending on the presence and nature of
overlying and underlying layers. It describes the material, not necessarily the
confinement status.

The description "an impervious layer above and below it" specifically defines a
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confined aquifer.
Confined aquifer

Quick Tip

• Confined Aquifer: Bounded above and below by impervious layers
(aquitards or aquicludes). Water is under pressure.

• Unconfined Aquifer: Bounded below by an impervious layer; its upper
surface is the water table (open to atmospheric pressure).

• Perched Aquifer: A local saturated zone above the main water table, un-
derlain by a lens of impervious material.

• Alluvial aquifer refers to the geological material (river deposits).

89.

What is the relationship between porosity and specific yield?

(a) Porosity is greater than specific yield
(b) Specific yield is greater than porosity
(c) Porosity and specific yield are equal
(d) Porosity and specific yield are independent of each other

Correct Answer: (a)

Solution: The relationship between porosity, specific yield, and specific retention is
fundamental in groundwater hydrology:

• Porosity (n): The total volume of void or pore space in a rock or soil, expressed
as a fraction or percentage of the total volume. It represents the maximum
amount of water the material can hold when saturated.

• Specific Yield (Sy): The ratio of the volume of water that a saturated rock or
soil will drain by gravity to the total volume of the rock or soil. This is the water
that can be practically extracted from an unconfined aquifer.
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• Specific Retention (Sr): The ratio of the volume of water that a saturated
rock or soil will retain against the pull of gravity (due to molecular attraction
and capillary forces) to the total volume of the rock or soil. This water remains
in the pores even after gravity drainage.

The key relationship is: Porosity (n) = Specific Yield (Sy) + Specific

Retention (Sr)

Since specific retention (Sr) is always a non-negative value (Sr ≥ 0), and in most
materials Sr > 0 (some water is always retained), it follows that: Specific Yield (Sy) =
Porosity (n) - Specific Retention (Sr)
This means that specific yield (Sy) is always less than or equal to porosity

(n). Sy ≤ n Or, rephrasing, Porosity (n) is greater than or equal to specific

yield (Sy). In practical terms, Sr is almost always greater than zero for natural earth
materials, so Sy will be strictly less than n. Therefore, porosity is greater than specific
yield (unless Sr = 0, which is highly unusual for natural materials that can hold water).
Option (a) "Porosity is greater than specific yield" is the correct relationship, assuming
Sr > 0. Option (b) is incorrect. Option (c) would only be true if Sr = 0, which is not
typical. Option (d) is incorrect as they are directly related.

Porosity is greater than specific yield

Quick Tip

• Porosity (n) is the total pore space.

• Specific Yield (Sy) is the part of pore water that drains by gravity.

• Specific Retention (Sr) is the part of pore water retained against gravity.

• n = Sy + Sr.

• Since Sr ≥ 0 (and usually Sr > 0 for water-bearing materials), then Sy ≤ n.

• This means porosity is generally greater than specific yield.
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90.

What is the example of an aquitard?

(a) Zeolite
(b) Gravel
(c) Sand
(d) Shale

Correct Answer: (d)

Solution: In hydrogeology, geological formations are classified based on their ability
to store and transmit groundwater:

• Aquifer: A saturated geological formation that can store and transmit
significant quantities of water under ordinary hydraulic gradients. Examples:
Sand, Gravel, Sandstone, fractured limestone.

• Aquitard (Leaky Confining Layer): A saturated or unsaturated geological
formation that is of low permeability and transmits water at a very slow rate
compared to an aquifer. It can store groundwater and slowly release it to
adjacent aquifers or streams, but it does not yield water readily to wells. It can
form a confining layer but allows some leakage.

• Aquiclude (Confining Layer): A saturated geological formation that is
essentially impermeable and does not transmit significant quantities of water. It
acts as a barrier to groundwater flow. (Often, the term aquitard is used more
broadly to include aquicludes, or a distinction is made based on the degree of
impermeability).

• Aquifuge: An impermeable geological formation that neither stores nor
transmits water.

Let’s look at the options:

• Zeolite (option a): Zeolites are microporous aluminosilicate minerals. While
they have high porosity and can adsorb water, their permeability can vary. Some
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altered volcanic tuffs rich in zeolites can act as aquifers or aquitards depending
on their specific properties. Not a classic example of an aquitard without more
context.

• Gravel (option b): Gravel is typically highly porous and highly permeable,
making it an excellent aquifer material.

• Sand (option c): Sand is also porous and permeable, commonly forming good
aquifers.

• Shale (option d): Shale is a fine-grained sedimentary rock composed mainly of
clay minerals. Clay particles are very small, and while shales can have high
porosity (due to small interparticle spaces), these pores are poorly connected,
resulting in very low permeability. Therefore, shale is a classic example of an
aquitard or aquiclude, acting as a confining layer that restricts groundwater
flow.

Thus, shale is the best example of an aquitard among the given options.

Shale

Quick Tip

• Aquifer: Stores and transmits significant water (e.g., sand, gravel).

• Aquitard: Low permeability, transmits water slowly, can confine an aquifer
(e.g., clay, shale, siltstone).

• Aquiclude: Essentially impermeable, acts as a barrier (often used inter-
changeably with aquitard for very low permeability layers).

• Shale, being rich in clay, has low permeability and is a common example of
an aquitard.

91.

150



What is the difference between an aquifuge and an aquitard?

(a) Aquifuge has higher permeability than aquitard
(b) Aquifuge has lower permeability than aquitard
(c) Aquitard cannot store and transmit groundwater and aquifuge can store
(d) Aquitard is less porous than aquifuge

Correct Answer: (b)

Solution: Hydrogeological formations are classified based on their ability to store and
transmit water:

• Aquifer: Stores and transmits significant quantities of water (e.g., sand, gravel).

• Aquitard: A low-permeability formation that can store water and transmit it
slowly. It retards but does not completely prevent groundwater flow. It can act
as a leaky confining layer. Examples include silty clay, shale with some fractures.

• Aquiclude: A formation that can store water but is essentially impermeable and
does not transmit significant quantities of water. Often used interchangeably
with a very low permeability aquitard. Example: dense clay.

• Aquifuge: A geological formation that is impermeable and contains no
interconnected pores or fractures. It neither stores nor transmits water. It acts as
a complete barrier to groundwater flow. Examples include solid, unfractured
igneous or metamorphic rock like granite.

Comparing aquifuge and aquitard:

• Permeability: An aquifuge is considered essentially impermeable, meaning it
has virtually zero permeability for practical purposes. An aquitard has low
permeability but still allows some slow water movement. Therefore, an aquifuge

has lower permeability than an aquitard (option b). Option (a) is incorrect.

• Storage and Transmission: An aquitard can store water (due to porosity, even
if pores are small) and transmit it slowly. An aquifuge neither stores (no effective
interconnected pores) nor transmits water. Thus, option (c) "Aquitard cannot
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store and transmit groundwater and aquifuge can store" is incorrect; it’s the
opposite for storage (aquitard can store, aquifuge cannot effectively) and
aquitard transmits slowly while aquifuge does not.

• Porosity: An aquitard (like clay or shale) can be quite porous, but its pores are
small and poorly connected, leading to low permeability. An aquifuge (like solid
granite) would have very low primary porosity (intergranular) and relies on
fractures for any significant porosity, which if absent, means very low overall
porosity. It’s not straightforward to say one is always less porous than the other
without more specifics, but permeability is the defining difference. Option (d) is
not necessarily true or the primary distinction.

The key difference lies in their ability to transmit water, which is governed by
permeability. An aquifuge is essentially impermeable, while an aquitard is poorly
permeable but still allows slow transmission.

Aquifuge has lower permeability than aquitard

Quick Tip

• Aquitard: Low permeability, transmits water slowly. Can store water.

• Aquifuge: Impermeable, neither stores nor transmits water effectively.

• Therefore, an aquifuge has significantly lower permeability (essentially zero
for practical purposes) than an aquitard.

92.

What is the function of aquiclude in groundwater recharge systems?

(a) They facilitate the flow of groundwater
(b) They increase the recharge of the groundwater
(c) They act as a hindrance to ground water flow
(d) They store and transmit groundwater
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Correct Answer: (c)

Solution: An aquiclude is a geological formation that is saturated but relatively
impermeable, meaning it can store water but does not transmit it in significant
quantities. It acts as a barrier or confining layer to groundwater flow. In the context of
groundwater recharge systems:

• Hindrance to Flow (option c): The primary role of an aquiclude is to prevent
or greatly restrict the vertical or horizontal movement of groundwater. If an
aquiclude is present above an aquifer, it can limit direct recharge from the
surface. If it underlies an aquifer, it prevents downward leakage.

• Formation of Confined Aquifers: Aquicludes are essential in forming
confined aquifers by sandwiching a permeable aquifer layer between two
impermeable (or very low permeability) layers.

• Perching Layers: A localized aquiclude (or aquitard) within the unsaturated
zone can intercept downward percolating water, leading to the formation of a
perched aquifer.

Let’s evaluate the options: (a) They facilitate the flow of groundwater: This is
incorrect. Aquicludes impede flow. Aquifers facilitate flow. (b) They increase the
recharge of the groundwater: This is generally incorrect. An aquiclude at the surface
or in the unsaturated zone would typically reduce direct recharge to underlying
aquifers by limiting infiltration. (c) They act as a hindrance to ground water

flow: This is the correct function. They are barriers. (d) They store and transmit
groundwater: They can store water (due to porosity), but they do not transmit it in
significant quantities due to their very low permeability. Aquifers store and transmit.
Therefore, the main function of an aquiclude in groundwater systems (including
recharge considerations) is to act as a barrier or hindrance to flow.

They act as a hindrance to ground water flow
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Quick Tip

• An aquiclude is an impermeable or very low permeability geological layer.

• It can store water but does not allow significant water movement through it.

• Its primary function is to act as a barrier or hindrance to groundwater
flow.

• Aquicludes form confining layers for confined aquifers and can cause perched
water tables.

93.

What was the major challenge associated with Bhakra-Nangal project?

(a) Soil erosion
(b) Loss of biodiversity like flora and fauna
(c) Desertification
(d) Deforestation

Correct Answer: (b)

Solution: Large dam projects like the Bhakra-Nangal project, while providing
significant benefits such as irrigation, hydroelectric power, and flood control, also have
associated environmental and social challenges. Some common challenges include:

• Displacement of People: Large reservoirs submerge vast areas, leading to the
displacement of local communities. This was a significant issue with Bhakra.

• Loss of Biodiversity (option b): The creation of a large reservoir (Gobind
Sagar Lake in the case of Bhakra) leads to the submergence of terrestrial
habitats, including forests, grasslands, and agricultural lands. This results in the
loss of flora (plants) and fauna (animals) that inhabited those areas, and can also
impact aquatic biodiversity by altering riverine ecosystems.

• Deforestation (option d): Submergence of forest areas is a direct consequence
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of reservoir creation, leading to deforestation. This is closely linked to loss of
biodiversity.

• Impact on River Ecology: Dams alter the natural flow regime of rivers, affect
sediment transport, water temperature, and can be barriers to migratory fish.

• Siltation: Reservoirs can trap sediment, reducing their storage capacity over
time and depriving downstream areas of fertile silt.

• Waterlogging and Salinization: Intensive irrigation from canals can
sometimes lead to waterlogging and soil salinization in command areas if
drainage is inadequate.

• Soil Erosion (option a): While dams can trap sediment, construction activities
and changes in land use in the catchment can sometimes exacerbate soil erosion.
However, the reservoir itself submerges land rather than directly causing erosion
over that area. Erosion in the catchment is a concern for reservoir siltation.

• Desertification (option c): This is typically associated with land degradation
in arid/semi-arid areas leading to desert-like conditions. While mismanagement
of water resources can contribute to land degradation, it’s not usually cited as
the primary direct challenge of a specific dam project like Bhakra in the same
way as submergence-related impacts.

Given the options, "Loss of biodiversity like flora and fauna" (b) is a major and direct
ecological consequence of large dam projects due to habitat submergence and
alteration. Deforestation (d) is a component of this loss. Bhakra-Nangal led to the
submergence of significant land area, impacting local ecosystems.

Loss of biodiversity like flora and fauna
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Quick Tip

• Large dams create reservoirs that submerge large areas of land.

• This leads to:

– Loss of terrestrial habitats (forests, grasslands), resulting in loss of
flora and fauna (biodiversity).

– Displacement of human populations.

– Alteration of river ecosystems and impacts on aquatic life.

• While deforestation is a part of it, "loss of biodiversity" is a broader ecological
impact.

94.

What is the example of unconsolidated formulation?

(a) Limestone
(b) Shale
(c) Granite
(d) Sandstone

Correct Answer: (d)

Solution: The term "unconsolidated formulation" likely refers to unconsolidated

geological formations or sediments. Unconsolidated materials are loose,
non-cemented aggregations of particles. Consolidated materials, on the other hand,
have their particles bound together by cementation or other lithification processes,
forming solid rock. Let’s examine the options:

• Limestone (option a): Limestone is a sedimentary rock composed mainly of
calcium carbonate. It is a consolidated rock, formed by the lithification of
carbonate sediments (e.g., shells, corals, oolites).

• Shale (option b): Shale is a fine-grained, clastic sedimentary rock composed of
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mud that is a mix of clay minerals and silt. It is formed by compaction and some
cementation of these fine particles, making it a consolidated rock.

• Granite (option c): Granite is an intrusive igneous rock, formed from the slow
cooling and solidification of magma. It is a hard, crystalline, consolidated rock.

• Sandstone (option d): Sandstone is a clastic sedimentary rock composed
mainly of sand-sized grains, typically quartz, that have been cemented together.
It is a consolidated rock.

All the options provided (Limestone, Shale, Granite, Sandstone) are examples of
consolidated rocks, not unconsolidated formations. Unconsolidated formations
would include materials like:

• Sand (loose sand grains)

• Gravel (loose pebbles and cobbles)

• Silt (loose fine particles)

• Clay (loose clay particles, though often cohesive)

• Alluvium, glacial till, loess (all types of unconsolidated deposits)

There seems to be a misunderstanding in the question or the provided options/answer,
as all listed options are consolidated rocks. However, if one were forced to choose the
"least" consolidated or the one that can sometimes be found in a poorly consolidated
state among these typical rock types, it’s still problematic. Sandstone, for instance,
requires cementation to become sandstone; otherwise, it’s just sand.
Given the provided answer is (d) Sandstone, it is possible that the question is using
"unconsolidated formulation" in a very loose or perhaps comparative sense, or there is
an error. A "friable" sandstone might be weakly consolidated, but it is still considered
a consolidated rock. If the question meant "Which of these can be derived from an
unconsolidated material?", then sandstone is derived from sand. But the question asks
for an example of an "unconsolidated formulation."

157



Assuming there is an error and the question implies which rock type might be most
closely associated with or derived from originally unconsolidated material and perhaps
sometimes found in a weakly consolidated state that might be loosely termed
"unconsolidated" by a non-geologist: Sand (unconsolidated) lithifies to Sandstone
(consolidated). Mud (clay + silt) (unconsolidated) lithifies to Mudstone/Shale
(consolidated). Carbonate ooze/sand (unconsolidated) lithifies to Limestone
(consolidated). Granite forms from magma, not pre-existing sediment.
This question, as posed with the given options and marked answer, is problematic
from a standard geological terminology perspective. However, to align with the
provided correct answer, we select Sandstone.

Sandstone

Quick Tip

• Unconsolidated formations consist of loose, unlithified sediments (e.g.,
sand, gravel, clay, silt).

• Consolidated rocks are formed when these sediments are compacted and
cemented together (lithified).

• Limestone, Shale, Granite, and Sandstone are all examples of consolidated

rocks.

• The question is problematic as it asks for an example of an unconsolidated
formation but lists only consolidated rocks. Sandstone is formed from the
consolidation of sand.

95.

How will the degree of consolidation affect the porosity of the formation?

(a) Higher degree of consolidation leads to higher porosity
(b) Degree of consolidation does not affect porosity
(c) It is not possible to determine the porosity by degree of consolidation
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(d) Higher degree of consolidation leads to lower porosity

Correct Answer: (d)

Solution: Consolidation in geology refers to the processes by which loose, soft
sediments are compacted and hardened into solid rock. This typically involves:

• Compaction: As sediments accumulate, the weight of overlying material
compresses the lower layers. This pressure reduces the pore spaces between
grains by packing them more tightly and expelling water.

• Cementation: Minerals dissolved in groundwater precipitate in the pore spaces,
binding the sediment grains together.

Porosity is the measure of the void or pore space within a rock or sediment, expressed
as a percentage or fraction of the total volume. The effect of consolidation on porosity:

• As sediments undergo compaction, the grains are pushed closer together,
reducing the volume of the pore spaces.

• As cementation occurs, the precipitated minerals fill up some of the remaining
pore spaces.

Both compaction and cementation, which are key aspects of consolidation, lead to a
reduction in porosity. Therefore, a higher degree of consolidation generally

leads to lower porosity. Freshly deposited, unconsolidated sediments (e.g., loose
sand or mud) typically have higher porosity than their consolidated rock equivalents
(e.g., sandstone or shale).
Option (a) is incorrect. Option (b) is incorrect. Option (c) is incorrect; there is a clear
relationship. Option (d) is correct.

Higher degree of consolidation leads to lower porosity
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Quick Tip

• Consolidation (lithification) involves compaction and cementation of sedi-
ments.

• Compaction squeezes grains together, reducing pore volume.

• Cementation fills pore spaces with precipitated minerals.

• Both processes reduce the overall void space, thus decreasing porosity.

• Therefore, more consolidated (lithified) rocks generally have lower porosity
than their unconsolidated sediment precursors.

96.

What is the benefit in construction of the Narmada Sagar project?

(a) Enhanced flood control
(b) Decrease in potential of agriculture
(c) Reduced water availability downstream
(d) Increased sediment load in the river

Correct Answer: (a)

Solution: The Narmada Sagar Project (now known as Indira Sagar Project) is a
multipurpose dam project on the Narmada River in Madhya Pradesh, India. Like
other large dam projects, it is designed to provide several benefits, but also has
associated negative impacts. The question asks for a benefit. Potential benefits of such
projects typically include:

• Irrigation: Supplying water for agriculture in command areas, increasing
agricultural productivity.

• Hydroelectric Power Generation: Generating electricity.

• Flood Control (option a): Dams can regulate river flow by storing excess
water during peak flow periods (e.g., monsoons) and releasing it gradually,
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thereby reducing the risk and severity of downstream flooding. This is a
significant intended benefit.

• Drinking Water Supply: Providing water for domestic and industrial use.

• Navigation, Recreation, Fisheries (sometimes): Though these can also be
negatively impacted.

Potential negative impacts or challenges include:

• Decrease in potential of agriculture (option b): This is a negative impact,
usually referring to submergence of fertile agricultural lands by the reservoir, or
sometimes issues like waterlogging/salinization in command areas if not managed
well. The aim is to increase overall agricultural potential through irrigation.

• Reduced water availability downstream (option c): Storing water in a
reservoir can alter the natural flow regime and potentially reduce water
availability for downstream users or ecosystems if not managed equitably or if
evaporation losses from the reservoir are high. This is a negative impact.

• Increased sediment load in the river (option d): Dams typically trap

sediment, leading to clearer water release downstream (which can cause riverbed
erosion or "hungry water" effect) and reduced sediment supply to deltas. An
increase in sediment load in the reservoir (siltation) is a problem for the dam’s
lifespan, but not usually an increased load in the river downstream of the dam as
a benefit.

Given the options, enhanced flood control is a primary intended benefit of
constructing large dams like the Narmada Sagar project.

Enhanced flood control
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Quick Tip

• Large multipurpose dam projects like Narmada Sagar (Indira Sagar) are built
with several objectives.

• Key intended benefits include:

– Irrigation for agriculture.

– Hydroelectric power generation.

– Flood control by regulating river flow.

– Domestic and industrial water supply.

• Options (b), (c), and (d) generally describe potential negative impacts or
problems, not benefits.

97.

Which type of aquifer is more prone to contamination?

(a) Unconfined Aquifer
(b) Confined Aquifer
(c) Artesian Aquifer
(d) Perched Aquifer

Correct Answer: (a)

Solution: The susceptibility of an aquifer to contamination from surface sources
depends largely on its hydrogeological setting, particularly the presence or absence of
protective overlying layers.

• Unconfined Aquifer (Water Table Aquifer) (option a): An unconfined
aquifer has its upper surface (the water table) directly open to the atmosphere
through the unsaturated zone (vadose zone). Contaminants released at or near
the ground surface can readily infiltrate through the soil and unsaturated zone
and reach the water table, directly contaminating the aquifer. There is no
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overlying impermeable layer to protect it. Therefore, unconfined aquifers are
generally more prone to contamination from surface activities.

• Confined Aquifer (option b): A confined aquifer is overlain by an
impermeable or very low permeability layer (aquitard or aquiclude). This
confining layer acts as a protective barrier, restricting the downward movement of
contaminants from the surface. Contamination of a confined aquifer usually
occurs more slowly, perhaps through poorly constructed or abandoned wells that
penetrate the confining layer, or through slow leakage through the aquitard, or in
recharge areas where the aquifer may be unconfined.

• Artesian Aquifer (option c): An artesian aquifer is simply a confined aquifer
in which the water is under sufficient pressure to rise above the top of the aquifer
in a well (and may even flow freely at the surface). Its susceptibility to
contamination is similar to that of any confined aquifer – generally less prone
than unconfined aquifers due to the overlying confining layer.

• Perched Aquifer (option d): A perched aquifer is a localized zone of
saturation above the main regional water table, formed due to an underlying lens
of impermeable material. Being relatively shallow and often small in extent,
perched aquifers can be quite vulnerable to surface contamination if the
contaminants reach their limited recharge area. However, compared to a large
regional unconfined aquifer, their overall significance might be less, but their
vulnerability is high.

Considering the general types, unconfined aquifers are the most directly and

widely vulnerable to contamination originating from the land surface because they
lack a protective overlying impermeable layer.

Unconfined Aquifer
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Quick Tip

• Unconfined aquifers are directly connected to the surface through the
unsaturated zone. Contaminants from the surface can easily infiltrate and
reach the water table.

• Confined aquifers are protected by an overlying impermeable layer, making
them less susceptible to direct surface contamination.

• Artesian aquifers are a type of confined aquifer.

• Perched aquifers can also be vulnerable due to their shallow nature, but
unconfined aquifers are generally considered most prone on a broader scale.

98.

If a confined aquifer has a specific yield of 0.40, what does this value

indicate about the aquifer’s ability to release groundwater?

(a) It can release 40% of its water under pumping
(b) It can release 40% of its water without pumping
(c) It can release 60% of its water under pumping
(d) It can release 60% of its water without pumping

Correct Answer: (a)

Solution: This question presents a slight conceptual challenge because specific yield

(Sy) is a term primarily and accurately applied to unconfined aquifers.

• For an unconfined aquifer, specific yield is the ratio of the volume of water
that drains by gravity from a saturated material to the total volume of that
material. It represents the actual volume of water that can be extracted by
lowering the water table (e.g., by pumping).

For a confined aquifer, the equivalent term for water released from storage is
storativity (S) or storage coefficient. Water is released from a confined aquifer due
to two mechanisms when the piezometric head is lowered by pumping:
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1. Expansion of water: As pressure decreases, the water itself expands slightly.

2. Compaction of the aquifer matrix: As pore water pressure decreases, the
effective stress on the aquifer grains increases, causing slight compaction of the
aquifer skeleton and release of water.

The storativity of a confined aquifer is typically very small (e.g., 10−5 to 10−3), much
smaller than the specific yield of an unconfined aquifer (which can range from a few
percent to over 0.30 or 0.40 for good aquifers like sand and gravel). A specific yield
value of 0.40 (or 40%) is extremely high and would be characteristic of a very porous
and permeable unconfined material like coarse gravel.
However, if we are forced to interpret the question as given, assuming "specific yield" is
being used (perhaps imprecisely) to describe the drainable water from a confined
aquifer under pumping: A specific yield of 0.40 means that 40% of the total volume of
the saturated aquifer material can be drained by gravity (or in the case of a confined
aquifer, released due to pressure changes from pumping).

• Option (a) "It can release 40% of its water under pumping": Pumping lowers the
hydraulic head (potentiometric surface in a confined aquifer), causing water to be
released from storage. If "specific yield" is taken as the measure of this releasable
water, this option aligns with the definition.

• Option (b) "It can release 40% of its water without pumping": Water is released
from storage primarily due to a change in head, which is typically induced by
pumping or natural discharge. Spontaneous release without a change in head
(other than initial artesian flow if pressure is high enough) is not how specific
yield/storativity works for sustained yield.

• Options (c) and (d) use 60%, which would relate to specific retention if the total
porosity was 100% (which is impossible) or if it was 1 - 0.40 = 0.60 (specific
retention if porosity was 1.0 and this was an unconfined aquifer).

Given that pumping is the mechanism to extract significant water and lower head,
option (a) is the most plausible interpretation of what a "specific yield of 0.40" would

165



mean in terms of water release, even if the term is more appropriate for unconfined
aquifers. The value 0.40 is exceptionally high for the storativity of a confined aquifer,
but if taken at face value as the "specific yield" (fraction of drainable water), then 40

It can release 40% of its water under pumping

Quick Tip

• Specific Yield (Sy) is mainly for unconfined aquifers: It’s the volume
of water drained by gravity per unit volume of aquifer when the water table
drops.

• For confined aquifers, the term is Storativity (S): Water is released by
compaction of the aquifer and expansion of water when pressure (head) is
reduced by pumping. Storativity values for confined aquifers are typically
very small (e.g., 10−3 to 10−5).

• A "specific yield" of 0.40 (or 40%) is very high, typical of porous unconfined
material like gravel.

• If we must apply the term "specific yield" as given, it means that fraction of
the aquifer’s total volume can be yielded as water, usually through pumping
which lowers the head.

99.

The storage coefficient of aquifer represents

(a) Ratio of specific yield to porosity
(b) Volume of water retained in storage per unit rise in head
(c) Volume of water released from storage per unit decline in head
(d) Ratio of specific retention to specific yield

Correct Answer: (c)

Solution: The storage coefficient (S), also known as storativity, of an aquifer is a
dimensionless property that quantifies the volume of water an aquifer releases from or
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takes into storage per unit surface area of the aquifer per unit change in the
component of hydraulic head normal to that surface. More simply:

• It is the volume of water released from storage from a vertical column of aquifer
of unit cross-sectional area due to a unit decline in hydraulic head.

• Conversely, it is the volume of water taken into storage by a vertical column of
aquifer of unit cross-sectional area due to a unit rise in hydraulic head.

So, it directly relates to the volume of water released from storage per unit

surface area of the aquifer when the head (water level or piezometric

surface) declines by one unit (option c). Or, volume of water taken into storage
per unit surface area when head rises by one unit.
Let’s analyze the options: (a) Ratio of specific yield to porosity: This is not the
definition of storage coefficient. Porosity = Specific Yield + Specific Retention. (b)
Volume of water retained in storage per unit rise in head: "Retained" is not the correct
term; it should be "taken into" storage. Also, the definition typically involves release
per decline or intake per rise over a unit area. (c) Volume of water released from

storage per unit decline in head (per unit horizontal area of aquifer): This is
the correct conceptual definition. If we consider a column of aquifer with a base area
of 1 m2, S is the volume of water released (in m3) if the head drops by 1 m. So the
units of S would be m3/(m2· m) = dimensionless. (d) Ratio of specific retention to
specific yield: This is not the storage coefficient.
For an unconfined aquifer, Storativity (S) is approximately equal to its Specific
Yield (Sy). For a confined aquifer, Storativity (S) is given by S = Ss · b, where Ss is
the specific storage (related to elasticity of water and aquifer matrix) and b is the
aquifer thickness. Values are typically much smaller than for unconfined aquifers.
Option (c) best captures the essence of the definition.

Volume of water released from storage per unit decline in head
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Quick Tip

• Storage Coefficient (S) or Storativity: The volume of water an aquifer
releases from or takes into storage per unit surface area of the aquifer per
unit change in hydraulic head.

• It’s a measure of how much water can be obtained from an aquifer by lowering
the water level (head).

• For unconfined aquifers, S ≈ Specific Yield (Sy).

• For confined aquifers, S = Specific Storage (Ss) × aquifer thickness (b).

100.

Measurement of specific yield of an aquifer in field is done by

(a) Slug tests
(b) Grain size analysis
(c) Drain tests
(d) Pumping tests

Correct Answer: (d)

Solution: Specific yield (Sy) is the ratio of the volume of water that drains by gravity
from a saturated unconfined aquifer to the total volume of the dewatered aquifer
material. It is a key parameter for estimating groundwater availability. Field methods
for determining specific yield often involve observing water level changes in response to
known volumes of water extraction or recharge.

• Pumping Tests (option d): This is a common and effective field method. A
well is pumped at a known constant rate for a period, and the drawdown (decline
in water level) is observed in the pumping well and/or nearby observation wells.

– By analyzing the time-drawdown data using appropriate analytical solutions
(e.g., Theis equation for confined aquifers, Hantush-Jacob for leaky-confined,
or solutions for unconfined aquifers like Neuman or Boulton, which account
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for delayed yield), aquifer parameters including transmissivity (T) and
storativity (S) can be estimated.

– For unconfined aquifers, the storativity (S) determined from a pumping
test over a sufficiently long duration (after delayed yield effects subside) is
essentially equal to the specific yield (Sy).

– The volume of the cone of depression created by pumping can also be related
to the volume of water pumped and the specific yield.

• Slug Tests (option a): A slug test involves rapidly changing the water level in
a single well (by adding or removing a known volume or "slug" of water) and
observing the rate at which the water level returns to its initial position. Slug
tests are primarily used to determine the hydraulic conductivity (K) or
transmissivity (T) in the immediate vicinity of the well. They are less commonly
used for directly determining specific yield over a large aquifer volume, although
some methods exist for unconfined aquifers.

• Grain Size Analysis (option b): This is a laboratory method where the
particle size distribution of an aquifer sample is determined. Empirical
relationships exist to estimate porosity and, less directly, specific yield from grain
size data, but this is an indirect estimation, not a direct field measurement of
how the aquifer behaves.

• Drain Tests (option c): This term is less standard in this specific context.
Field drainage experiments or lysimeter studies could give insights into drainable
porosity, but "pumping tests" is the more established field method for
aquifer-scale specific yield. If it refers to monitoring drainage from a dewatered
area, it’s conceptually similar to observing the effects of pumping.

Therefore, pumping tests are a primary field method for determining the specific yield
of an unconfined aquifer.

Pumping tests
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Quick Tip

• Pumping tests are field procedures where a well is pumped and water level
changes (drawdown) are monitored.

• Analysis of pumping test data allows for the estimation of aquifer properties
like transmissivity and storativity.

• For unconfined aquifers, the storativity determined from a pumping test
(especially after delayed yield effects) is taken as the specific yield.

• Slug tests are more for local hydraulic conductivity. Grain size analysis is a
lab method for estimation.

101.

Which stage of EIA involves the identification of potential impacts and

formulation of mitigation measures?

(a) Assessment of the impact
(b) Scoping
(c) Monitoring
(d) Screening

Correct Answer: (b)

Solution: Environmental Impact Assessment (EIA) is a systematic process to
identify, predict, evaluate, and mitigate the biophysical, social, and other relevant
effects of proposed development projects before major decisions are taken and
commitments made. The EIA process typically involves several stages:

1. Screening: Determines whether an EIA is required for a particular project
based on its type, size, location, and potential environmental sensitivity.

2. Scoping (option b): This is a critical early stage. If an EIA is required,
scoping defines the key environmental issues and potential impacts that
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need to be investigated in detail. It sets the terms of reference for the EIA study.
This includes:

• Identifying significant environmental aspects.

• Defining the boundaries of the study (spatial and temporal).

• Determining the information to be collected.

• Identifying stakeholders and their concerns.

• Preliminary identification of potential impacts and often an initial

consideration of possible mitigation measures to be further explored
in the detailed assessment. The focus is on what needs to be studied.

3. Impact Assessment/Analysis (often part of "Assessment of the impact"

- option a): This involves detailed prediction and evaluation of the identified
potential impacts (positive and negative, direct and indirect, cumulative) of the
project on the environment.

4. Mitigation: Based on the impact assessment, measures are formulated to
prevent, reduce, remedy, or compensate for significant adverse environmental
impacts. While scoping might initiate thinking about mitigation, the detailed
formulation and commitment to mitigation measures typically follow the detailed
impact assessment.

5. Reporting (EIA Report/Environmental Impact Statement - EIS):

Documenting the findings of the EIA.

6. Review: Examination of the EIA report by authorities and the public.

7. Decision-Making: Using the EIA findings to approve, reject, or modify the
project.

8. Monitoring (option c) and Auditing: After project approval and
implementation, monitoring is conducted to ensure compliance with conditions,
effectiveness of mitigation measures, and to track actual impacts.
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The question asks which stage "involves the identification of potential impacts and
formulation of mitigation measures."

• Scoping is where potential impacts are first systematically identified to define
the scope of the full EIA. While detailed formulation of mitigation measures
happens later, scoping often includes preliminary thoughts on alternatives and
broad mitigation strategies.

• Assessment of the impact (or Impact Analysis/Prediction) involves a deeper
analysis of these identified impacts. Mitigation measures are then more
concretely formulated based on this detailed assessment.

If "identification of potential impacts" is emphasized as the primary focus, scoping is
key. If "formulation of mitigation measures" is emphasized as a detailed step, it comes
after the detailed impact assessment. However, scoping sets the stage for both. The
term "formulation" might imply more than just preliminary identification. The
provided answer is (b) Scoping. In many EIA frameworks, scoping does indeed involve
not just identifying what impacts to study but also outlining the types of mitigation
that might be considered. It’s about defining the breadth and depth of the subsequent
detailed study, including the need to investigate mitigation.

Scoping
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Quick Tip

• Screening: Is an EIA needed?

• Scoping: What are the key issues and impacts to study? What alternatives
and broad mitigation approaches should be considered? (Sets Terms of Ref-
erence).

• Impact Assessment: Detailed study and prediction of impacts.

• Mitigation: Detailed design of measures to reduce negative impacts.

• Monitoring: Tracking impacts and mitigation effectiveness post-approval.

• Scoping is the stage where potential impacts are identified to guide the full
assessment, and initial considerations for mitigation are often included.

102.

According to Montreal Protocol, which is not the key aspect of the

international cooperation?

(a) Technology transfer
(b) Financial assistance
(c) Emission trading
(d) Capacity building

Correct Answer: (c)

Solution: The Montreal Protocol on Substances that Deplete the Ozone Layer is an
international treaty designed to protect the ozone layer by phasing out the production
of numerous substances responsible for ozone depletion. Key aspects of international
cooperation under the Montreal Protocol include:

• Technology Transfer (option a): The Protocol encourages and facilitates the
transfer of technologies for alternatives to ozone-depleting substances (ODS) and
for ODS phase-out, particularly to developing countries (Article 5 countries).
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• Financial Assistance (option b): The Multilateral Fund for the
Implementation of the Montreal Protocol was established to provide financial
assistance to developing countries to help them meet their ODS phase-out
obligations. This includes funding for projects related to technology conversion,
institutional strengthening, and training.

• Capacity Building (option d): The Protocol supports activities aimed at
strengthening the capacity of developing countries to implement its provisions.
This includes training, workshops, information exchange, and institutional
support (e.g., for National Ozone Units).

• Reporting and Monitoring: Countries are required to report data on their
production, import, and export of ODS.

• Scientific and Technical Assessments: Regular assessments are conducted by
expert panels to review the science of ozone depletion, the status of alternative
technologies, and the effectiveness of the Protocol.

Emission Trading (option c) is a market-based mechanism used primarily to
control greenhouse gas emissions under climate change agreements (like the Kyoto
Protocol and some regional schemes). It involves setting a cap on total emissions and
allowing entities to trade emission permits or allowances. Emission trading is not a

key feature or mechanism of the Montreal Protocol, which focuses on phase-out
schedules for specific substances rather than trading emission rights for ODS. While
there might be some flexibility in production rationalization between companies or
countries, a formal cap-and-trade system for ODS emissions is not its central
cooperative mechanism.

Emission trading
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Quick Tip

• The Montreal Protocol fosters international cooperation through:

– Financial mechanisms (Multilateral Fund) to assist developing coun-
tries.

– Technology transfer of ODS alternatives.

– Capacity building activities (training, institutional strengthening).

– Data reporting, scientific assessments, and non-compliance procedures.

• Emission trading is a market mechanism primarily associated with green-
house gas reduction (e.g., Kyoto Protocol), not the Montreal Protocol’s ap-
proach to ODS phase-out.

103.

What is Green Climate Fund (GCF)?

(a) A global carbon trading platform
(b) A fund to compensate countries for loss and damage due to climate change
(c) A technology transfer platform for climate-friendly technologies
(d) A financial mechanism under the UNFCCC to support climate action in
developing countries

Correct Answer: (d)

Solution: The Green Climate Fund (GCF) was established within the framework
of the United Nations Framework Convention on Climate Change (UNFCCC) as an
operating entity of its financial mechanism. Its primary purpose is:

• To assist developing countries in their efforts to respond to the challenge of
climate change by supporting projects, programmes, policies, and other activities
for both mitigation (reducing greenhouse gas emissions) and adaptation

(building resilience to climate impacts).
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• It aims to promote a paradigm shift towards low-emission and climate-resilient
development pathways by providing financial resources to developing countries.

Therefore, option (d) "A financial mechanism under the UNFCCC to support

climate action in developing countries" accurately describes the GCF.
Let’s look at other options: (a) A global carbon trading platform: This describes
mechanisms like carbon markets or emissions trading schemes, which are different from
the GCF’s role as a fund. (b) A fund to compensate countries for loss and damage due
to climate change: While "loss and damage" is a significant issue under the UNFCCC
(and a separate fund for it was agreed upon at COP27), the GCF’s mandate is
broader, covering mitigation and adaptation projects, though some adaptation projects
might address aspects related to loss and damage. It’s not solely a compensation fund.
(c) A technology transfer platform for climate-friendly technologies: While the GCF
may fund projects involving technology transfer, it is primarily a financial mechanism,
not solely a technology transfer platform itself (though it supports technology
development and transfer as part of its funding activities). The UNFCCC also has a
separate Technology Mechanism.

A financial mechanism under the UNFCCC to support climate action in
developing countries

Quick Tip

• The Green Climate Fund (GCF) is the world’s largest dedicated climate
fund.

• It was established under the UNFCCC (United Nations Framework

Convention on Climate Change).

• Its goal is to help developing countries reduce their greenhouse gas emis-
sions (mitigation) and adapt to the impacts of climate change (adaptation).

• It serves as a key financial instrument to support the goals of the Paris
Agreement.
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104.

How is the effectiveness of Soil Quality Management Plan assessed?

(a) Through satellite imagery of land use practices
(b) Regular sampling and analysis of soil samples
(c) Through interviews with local farmers
(d) Through laboratory experiments

Correct Answer: (b)

Solution: A Soil Quality Management Plan (SQMP) aims to maintain or improve soil
health and quality to support ecosystem functions, agricultural productivity, and
environmental protection. Assessing the effectiveness of such a plan requires
monitoring changes in soil properties over time. Key methods for assessing
effectiveness include:

• Regular sampling and analysis of soil samples (option b): This is a
fundamental approach. Soil samples are collected periodically from representative
locations and analyzed in a laboratory for a range of physical, chemical, and
biological indicators of soil quality. These indicators might include:

– Physical properties: Soil texture, structure, bulk density, water holding
capacity, infiltration rate.

– Chemical properties: pH, organic matter content, nutrient levels (N, P,
K, micronutrients), cation exchange capacity (CEC), salinity, presence of
contaminants.

– Biological properties: Microbial biomass, enzyme activity, earthworm
populations, soil respiration.

Comparing these indicators over time or against baseline values helps determine
if the SQMP is achieving its objectives (e.g., increasing organic matter,
improving nutrient status, reducing erosion).
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• Monitoring of related environmental outcomes: Such as crop yields (if
agricultural), water quality of runoff, rates of soil erosion.

Let’s evaluate the other options: (a) Through satellite imagery of land use practices:
Satellite imagery can monitor changes in land use (e.g., adoption of cover crops,
changes in tillage practices which are part of an SQMP) and can be used to estimate
some soil properties or erosion remotely. However, it doesn’t directly measure intrinsic
soil quality parameters like nutrient content or microbial activity. It’s a
complementary tool, not the primary assessment of soil quality itself. (c) Through
interviews with local farmers: Farmers’ observations and experiences are valuable for
understanding the practical impacts and adoption of management practices, but they
are subjective and qualitative. They supplement, but do not replace, objective soil
measurements. (d) Through laboratory experiments: Laboratory experiments can be
used to understand specific soil processes or test the effects of particular amendments
under controlled conditions. However, assessing the effectiveness of a field-scale SQMP
requires field monitoring and sampling, not just lab experiments.
Therefore, regular sampling and analysis of soil samples to track changes in key soil
quality indicators is the most direct and scientifically robust way to assess the
effectiveness of a Soil Quality Management Plan.

Regular sampling and analysis of soil samples
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Quick Tip

• Assessing a Soil Quality Management Plan involves tracking changes in soil
health over time.

• Direct measurement of soil properties through regular field sampling
and laboratory analysis is crucial.

• Key indicators include physical (structure, water retention), chemical (pH,
nutrients, organic matter), and biological (microbial activity) properties.

• Other methods like remote sensing and farmer interviews can provide sup-
porting information but are not the primary assessment of soil quality pa-
rameters.

105.

Which of the following international treaty aims to address the climate

change by limiting global warming below 2◦ Celsius above pre-industrial

levels?

(a) Montreal Protocol
(b) Paris agreement
(c) Kyoto protocol
(d) Copenhagen Accord

Correct Answer: (b)

Solution: The international treaty that sets a specific goal to limit global warming
well below 2 degrees Celsius, preferably to 1.5 degrees Celsius, compared to
pre-industrial levels is the Paris Agreement.

• Paris Agreement (2015) (option b): Adopted under the UNFCCC, this
landmark agreement aims to strengthen the global response to the threat of
climate change. Its central aim is to keep the global average temperature rise this
century well below 2°C above pre-industrial levels and to pursue efforts to limit
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the temperature increase even further to 1.5°C. It requires all participating
countries to outline and communicate their post-2020 climate actions, known as
Nationally Determined Contributions (NDCs).

Let’s look at other options:

• Montreal Protocol (1987) (option a): Aims to protect the stratospheric
ozone layer by phasing out ozone-depleting substances. While some ODS are also
greenhouse gases, its primary goal is ozone layer protection, not limiting global
temperature rise to a specific target.

• Kyoto Protocol (1997) (option c): An earlier international treaty that
committed industrialized countries (Annex I parties) to set binding emission
reduction targets for greenhouse gases. It did not set a global temperature limit
like the Paris Agreement. Its first commitment period was 2008-2012.

• Copenhagen Accord (2009) (option d): An outcome of the COP15 climate
summit in Copenhagen. While it recognized the scientific view that the increase
in global temperature should be below 2 degrees Celsius, it was a non-binding
political agreement and did not establish legally binding commitments for all
countries in the same way the Paris Agreement later did.

Therefore, the Paris Agreement is the treaty that explicitly aims to limit global
warming to well below 2°C.

Paris agreement
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Quick Tip

• The Paris Agreement (2015) is the key international treaty addressing
climate change.

• Its central goal is to limit global average temperature increase to well below
2°C above pre-industrial levels, and to pursue efforts to limit it to 1.5°C.

• It relies on Nationally Determined Contributions (NDCs) from participating
countries.

• Kyoto Protocol focused on emission reduction targets for developed countries
for an earlier period.

• Montreal Protocol addresses ozone layer depletion.

106.

The Stockholm Convention aims to protect human health and environment

from which types of pollutants?

(a) Ozone-depleting substances
(b) Greenhouse gases
(c) Heavy metals
(d) Persistent organic pollutants

Correct Answer: (d)

Solution: The Stockholm Convention on Persistent Organic Pollutants

(POPs) is an international environmental treaty, signed in 2001 and effective from
2004, that aims to eliminate or restrict the production and use of persistent organic

pollutants (POPs). POPs are chemical substances that:

• Persist in the environment for long periods.

• Bioaccumulate in fatty tissues of living organisms and biomagnify through food
chains.
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• Are prone to long-range environmental transport (can travel far from their
sources).

• Have adverse effects on human health and the environment.

The Convention initially targeted 12 POPs (the "dirty dozen"), including pesticides
like DDT, industrial chemicals like PCBs, and unintended byproducts like dioxins and
furans. The list has since been expanded to include more chemicals. Option (d)
"Persistent organic pollutants" directly matches the focus of the Stockholm Convention.
Other options: (a) Ozone-depleting substances: Regulated by the Montreal Protocol.
(b) Greenhouse gases: Addressed by the UNFCCC, Kyoto Protocol, and Paris
Agreement. (c) Heavy metals: Some heavy metals (like mercury, lead, cadmium) are
toxic pollutants and are addressed by other conventions (e.g., Minamata Convention
on Mercury) or national regulations, but they are not the primary focus of the
Stockholm Convention, which deals with organic pollutants.

Persistent organic pollutants

Quick Tip

• The Stockholm Convention specifically targets Persistent Organic Pol-

lutants (POPs).

• POPs are toxic chemicals that are persistent, bioaccumulative, and prone to
long-range transport.

• Examples include certain pesticides (DDT), industrial chemicals (PCBs), and
byproducts (dioxins).

• The convention aims to eliminate or restrict their production, use, trade, and
release.

107.

Which international agreement aims to control the transboundary transit

of hazardous wastes and their disposal?
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(a) Rotterdam Convention
(b) Basel Convention
(c) Minamata Convention
(d) Stockholm Convention

Correct Answer: (b)

Solution: The international agreement that specifically addresses the control of
transboundary movements of hazardous wastes and their environmentally sound
management and disposal is the Basel Convention on the Control of

Transboundary Movements of Hazardous Wastes and Their Disposal.

• Basel Convention (1989, effective 1992) (option b): Its main objectives
are:

– To reduce the generation of hazardous wastes.

– To promote the environmentally sound management (ESM) of hazardous
wastes, wherever the place of disposal.

– To restrict and control transboundary movements of hazardous wastes,
ensuring they are minimized and conducted in a manner that protects
human health and the environment. It established a "prior informed consent"
(PIC) procedure for such movements.

Let’s look at other options:

• Rotterdam Convention (on the Prior Informed Consent Procedure for

Certain Hazardous Chemicals and Pesticides in International Trade)

(option a): Aims to promote shared responsibility and cooperative efforts
among Parties in the international trade of certain hazardous chemicals to
protect human health and the environment. It facilitates information exchange
about their characteristics and establishes a PIC procedure for their import. It
deals with trade in specific chemicals, not primarily the movement of bulk
hazardous wastes.
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• Minamata Convention on Mercury (option c): A global treaty to protect
human health and the environment from the adverse effects of mercury. It
addresses the entire life cycle of mercury, including controls and reductions across
a range of products, processes, and industries.

• Stockholm Convention on Persistent Organic Pollutants (option d):

Aims to eliminate or restrict the production and use of persistent organic
pollutants (POPs).

Therefore, the Basel Convention is the correct agreement for controlling the
transboundary movement and disposal of hazardous wastes.

Basel Convention

Quick Tip

• The Basel Convention is the primary international treaty regulating the
transboundary movement of hazardous wastes and their disposal.

• It aims to minimize hazardous waste generation and ensure their environ-
mentally sound management.

• It employs a Prior Informed Consent (PIC) procedure for waste shipments.

• Rotterdam Convention: Trade in hazardous chemicals/pesticides.

• Minamata Convention: Mercury.

• Stockholm Convention: Persistent Organic Pollutants (POPs).

108.

Which of the following is not included in the baseline studies conducted in

EIA?

(a) Economic analysis
(b) Air quality monitoring
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(c) Noise level assessments
(d) Ecological surveys

Correct Answer: (a)

Solution: Baseline studies in an Environmental Impact Assessment (EIA) are
conducted to describe the existing environmental conditions of the area that might be
affected by a proposed project, before the project is implemented. This baseline
information serves as a reference against which potential impacts of the project can be
predicted, assessed, and later monitored. Typical components of baseline studies
include:

• Physical Environment:

– Geology, topography, soils.

– Climate and meteorology.

– Air quality monitoring (option b): Existing levels of air pollutants.

– Noise level assessments (option c): Existing ambient noise levels.

– Water resources: Surface water and groundwater quality and quantity,
hydrology.

• Biological Environment:

– Ecological surveys (option d): Flora (vegetation types, species lists,
rare/endangered species), fauna (wildlife species, habitats, migration routes,
rare/endangered species), aquatic ecosystems, biodiversity.

• Socio-economic and Cultural Environment:

– Demographics, land use patterns, local economy (livelihoods, employment),
public health, community infrastructure, cultural heritage sites, indigenous
populations.

Economic analysis (option a) of the project itself (e.g., cost-benefit analysis,
financial viability, economic impacts of the project) is a separate component of project
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appraisal or feasibility studies, or it’s part of the assessment of the project’s economic
impacts (which is an impact assessment, not a baseline description of the pre-project
economic environment in the same way air quality or ecology is). While the baseline
socio-economic study describes the existing economic conditions of the affected area, a
full "economic analysis" of the project’s merits is typically beyond the scope of purely
environmental baseline data collection. However, it’s important to distinguish between
describing the existing economic baseline of the community/area and conducting an
economic analysis of the proposed project. The former is part of socio-economic
baseline. The latter is an analysis of the project’s implications. If "Economic analysis"
refers to the project’s financial feasibility or cost-benefit, it’s distinct from baseline
environmental data collection. If it refers to assessing the economic impacts *of* the
project, that’s part of impact assessment, not baseline. If it refers to the existing
economic status of the area, then it *is* part of the socio-economic baseline.
Given the options, air quality, noise levels, and ecological surveys are unambiguously
core components of environmental baseline studies. "Economic analysis" is the most
ambiguous or potentially distinct from the direct characterization of the pre-project
environmental state. The answer key selecting (a) suggests it is interpreted as the
economic analysis of the project, not the baseline socio-economic conditions of the
area.

Economic analysis
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Quick Tip

• Baseline studies in EIA describe the existing environmental conditions
before a project starts.

• This includes data on air quality, water quality, noise levels, soil, geology,
ecology (flora, fauna, habitats), and socio-economic conditions of the affected
area.

• An "economic analysis" often refers to the financial and economic viability
or impacts of the project itself, which is part of the broader project assess-
ment rather than a description of the pre-existing environmental baseline.
However, describing the existing local economy is part of the socio-economic
baseline.

109.

How can public participation improve the assessment of social and

economic impacts in an EIA?

(a) By excluding community perspectives and concerns
(b) By promoting transparency and accountability
(c) By expediting the approval process without public input
(d) By ignoring the potential impacts on local economies

Correct Answer: (b)

Solution: Public participation is a crucial component of a comprehensive
Environmental Impact Assessment (EIA) process. Involving the public, especially
affected communities and stakeholders, can significantly improve the quality and
relevance of the EIA, particularly in assessing social and economic impacts. Ways
public participation improves social and economic impact assessment:

• Incorporating Local Knowledge: Local communities often possess valuable
traditional and experiential knowledge about their environment, social structures,
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livelihoods, and cultural values. This knowledge can identify potential impacts
that might be overlooked by technical experts.

• Identifying Key Concerns and Values: Public consultation helps to
understand the specific concerns, priorities, and values of affected communities
regarding potential social and economic changes (e.g., impacts on employment,
income, health, community cohesion, cultural heritage).

• Enhancing Transparency and Accountability (option b): An open and
participatory process builds trust, makes the decision-making process more
transparent, and holds project proponents and authorities accountable for
addressing identified impacts and concerns.

• Improving Project Design and Mitigation: Feedback from the public can
lead to better project design, the development of more effective and socially
acceptable mitigation measures, and the identification of opportunities for local
benefit sharing.

• Reducing Conflict and Facilitating Acceptance: Early and meaningful
engagement can help address concerns proactively, reduce potential conflicts, and
increase the social acceptability of a project.

• Ensuring Equity and Fairness: Participation helps to ensure that the
distribution of project benefits and burdens is considered and that vulnerable
groups are not disproportionately affected.

Options (a), (c), and (d) describe actions that are contrary to effective public
participation and would worsen, not improve, the assessment: (a) Excluding
community perspectives is detrimental. (c) Expediting approval without public input
bypasses a key democratic and quality-assurance step. (d) Ignoring impacts on local
economies is a failure of the assessment.
Promoting transparency and accountability is a key outcome and benefit of effective
public participation, which in turn leads to a better overall assessment of all impacts,
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including social and economic ones.

By promoting transparency and accountability

Quick Tip

• Public participation in EIA brings diverse perspectives, local knowledge, and
community concerns into the assessment process.

• This helps in:

– Better identification and understanding of potential social and economic
impacts.

– Development of more appropriate and effective mitigation measures.

– Increased transparency, accountability, and public trust in the EIA pro-
cess.

– Improved project design and reduced social conflict.

110.

What is the role of Cumulative Impact Assessment (CIA) in EIA?

(a) CIA assesses the environmental impacts of individual projects
(b) CIA is not a part of the EIA process
(c) CIA assesses the combined impacts of multiple projects on the environment
(d) CIA is conducted after project completion

Correct Answer: (c)

Solution: Cumulative Impact Assessment (CIA) is an important component of
a comprehensive Environmental Impact Assessment (EIA) process. The role of CIA is:

• To assess the combined, incremental, and synergistic impacts on the
environment that result from a proposed project when its impacts are added to
or interact with the impacts of other past, present, and reasonably

189



foreseeable future projects and activities in the same geographical area or
affecting the same resources.

• Individual projects might have minor impacts when assessed in isolation, but
when combined with impacts from other developments, the cumulative effect can
be significant.

Therefore, option (c) "CIA assesses the combined impacts of multiple projects

on the environment" accurately describes its role.
Let’s look at other options: (a) CIA assesses the environmental impacts of individual
projects: While it considers the impacts of the project under review, its unique
contribution is to look beyond that individual project to the broader cumulative
context. Standard EIA already assesses individual project impacts. (b) CIA is not a
part of the EIA process: This is incorrect. CIA is increasingly recognized as an
essential part of good EIA practice, especially for projects in areas with existing or
planned development. (d) CIA is conducted after project completion: This is
incorrect. CIA, like the rest of EIA, is a predictive tool conducted before a project is
approved and implemented to inform decision-making. Post-completion assessment is
typically part of monitoring or auditing.
CIA helps to understand the bigger picture of environmental change and to avoid
situations where numerous small, individually acceptable impacts lead to a significant
overall degradation of the environment.

CIA assesses the combined impacts of multiple projects on the environment
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Quick Tip

• Cumulative Impact Assessment (CIA) looks at the "big picture."

• It evaluates the total environmental impact resulting from the proposed
project in combination with other existing and future projects/activities
in the area.

• This helps to identify and manage situations where multiple individually mi-
nor impacts could collectively lead to significant environmental degradation.

• CIA is an integral part of a thorough EIA.

111.

What is the role of biogeochemistry in understanding Earth’s systems?

(a) To study the behavior of elements in isolation
(b) To analyze only biological processes
(c) To investigate the flow and transformations of elements
(d) To study the behavior of elements in space

Correct Answer: (c)

Solution: Biogeochemistry is an interdisciplinary scientific field that studies the
chemical, physical, geological, and biological processes and reactions that govern the
composition of the natural environment and the cycles of matter and energy that
transport Earth’s chemical components in time and space. Essentially, it focuses on:

• The flow and transformations of chemical elements (e.g., carbon, nitrogen,
phosphorus, sulfur, trace metals) through different Earth systems or "spheres" –
the biosphere (living organisms), geosphere (rocks, soils), hydrosphere (water),
and atmosphere (air).

• The interactions between these biological, geological, and chemical processes.

• Understanding how these cycles (biogeochemical cycles) operate naturally and
how they are impacted by human activities.
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Option (c) "To investigate the flow and transformations of elements"

accurately describes the core role of biogeochemistry.
Let’s look at other options: (a) To study the behavior of elements in isolation:
Biogeochemistry emphasizes the cycling and interaction of elements within complex
systems, not in isolation. (b) To analyze only biological processes: While biological
processes are crucial ("bio-" in biogeochemistry), the field also integrates geological
("geo-") and chemical ("-chemistry") processes. (d) To study the behavior of elements
in space: While astrochemistry or cosmochemistry deals with elements in space,
biogeochemistry primarily focuses on Earth’s systems.

To investigate the flow and transformations of elements

Quick Tip

• Biogeochemistry studies the cycling of chemical elements through Earth’s
major spheres: biosphere, geosphere, hydrosphere, and atmosphere.

• It focuses on the flow (movement) and transformations (chemical

changes) of these elements driven by biological, geological, and chemical
processes.

• Examples include the carbon cycle, nitrogen cycle, phosphorus cycle, etc.

112.

Which of the following is not a physical method for controlling

microorganisms?

(a) Radiation
(b) Filtration
(c) Disinfection
(d) Desiccation

Correct Answer: (c)
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Solution: Methods for controlling microorganisms can be broadly categorized into
physical methods and chemical methods. Physical methods use physical means to
kill or remove microorganisms. Examples include: Solution: Methods for controlling
microorganisms can be broadly categorized into physical methods and chemical
methods. Physical methods use physical means to kill or remove microorganisms.
Examples include:

• Heat: Moist heat (autoclaving, boiling, pasteurization) and dry heat (hot air
oven, incineration).

• Radiation (option a): Ionizing radiation (X-rays, gamma rays) and
non-ionizing radiation (UV light).

• Filtration (option b): Physically removing microbes from liquids or air by
passing them through a filter with pores small enough to retain the microbes.

• Low Temperatures: Refrigeration and freezing (inhibits growth, may not kill
all).

• Desiccation (Drying) (option d): Removing water, which inhibits microbial
growth as water is essential for metabolism.

• Osmotic Pressure: Using high concentrations of salt or sugar to create a
hypertonic environment, causing water to leave microbial cells.

Chemical methods involve the use of chemical agents (disinfectants, antiseptics,
sterilants, antibiotics) to kill or inhibit microbial growth.
Disinfection (option c) is a process or outcome, not a specific physical method
itself. Disinfection refers to the elimination of most or all pathogenic microorganisms
(excluding bacterial spores) on inanimate objects. Disinfection can be achieved by
either physical methods (e.g., UV radiation, boiling) or chemical methods (e.g., using
alcohol, chlorine, aldehydes). Since disinfection is a general term for a process that can
be achieved by various means (both physical and chemical), and the other options
(radiation, filtration, desiccation) are specific physical methods, "Disinfection" is the
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one that is not a physical method itself, but rather a goal.

Disinfection

Quick Tip

• Physical methods of microbial control use physical means:

– Heat (autoclaving, dry heat)

– Radiation (UV, gamma rays)

– Filtration

– Desiccation (drying)

– Low temperature (refrigeration)

• Chemical methods use chemical agents (e.g., alcohols, chlorine).

• Disinfection is a process aimed at reducing pathogens, which can be
achieved using either physical or chemical methods. It is not a physical
method per se.

113.

Which of the following atmospheric pollutants is known to contribute to

the formation of ozone in troposphere?

(a) Sulfur dioxide (SO2)
(b) Oxides of nitrogen & volatile organic compounds
(c) Carbon monoxide (CO)
(d) Carbondioxide (CO2)

Correct Answer: (b)

Solution: Ozone (O3) in the troposphere (ground-level ozone) is a secondary air
pollutant, meaning it is not directly emitted but is formed through chemical reactions
in the atmosphere involving primary pollutants. The formation of tropospheric ozone
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is a key component of photochemical smog. The primary pollutants that contribute to
its formation are:

1. Oxides of Nitrogen (NOx): This includes nitric oxide (NO) and nitrogen
dioxide (NO2). Major sources are combustion processes, such as in vehicle
engines and industrial facilities.

2. Volatile Organic Compounds (VOCs): These are a diverse group of
carbon-based chemicals that evaporate easily at room temperature. Sources
include vehicle exhaust, industrial emissions, solvents, paints, and natural
emissions from vegetation.

In the presence of sunlight (UV radiation), NOx and VOCs undergo a complex
series of photochemical reactions that lead to the formation of ozone. A simplified
overview of the cycle involves:

• NO2 + Sunlight (UV) → NO + O (atomic oxygen)

• O + O2 (molecular oxygen) → O3 (ozone)

• VOCs react with hydroxyl radicals (OH) and NO to regenerate NO2 and produce
other pollutants like peroxyacyl nitrates (PANs), thus fueling the ozone
production cycle.

Option (b) "Oxides of nitrogen & volatile organic compounds" correctly
identifies the key precursor pollutants.
Other options: (a) Sulfur dioxide (SO2): Primarily contributes to industrial smog and
acid rain, not directly to tropospheric ozone formation in the same way as NOx and
VOCs. (c) Carbon monoxide (CO): While CO can participate in atmospheric
chemistry and indirectly influence ozone levels by reacting with OH radicals (thus
affecting the VOC oxidation pathways), NOx and VOCs are the direct and primary
precursors. (d) Carbon dioxide (CO2): A major greenhouse gas, but not a direct
precursor for tropospheric ozone formation.

Oxides of nitrogen & volatile organic compounds
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Quick Tip

• Tropospheric ozone (ground-level ozone) is a secondary pollutant formed by
photochemical reactions.

• The main primary pollutant precursors are:

– Nitrogen Oxides (NOx)

– Volatile Organic Compounds (VOCs)

• These react in the presence of sunlight to produce ozone.

• This process is central to the formation of photochemical smog.

114.

Which technology utilizes electric charges to remove particulate matter

from industrial flue gases?

(a) Flue Gas Desulfurization (FGD)
(b) Selective Catalytic Reduction (SCR)
(c) Electrostatic Precipitators (ESP)
(d) Thermal Oxidizers

Correct Answer: (c)

Solution: The technology that uses electric charges to remove particulate matter
(PM) from industrial flue gases is Electrostatic Precipitators (ESP). How ESPs
work:

1. Charging of Particles: The flue gas containing particulate matter passes
through a strong electric field created by high-voltage discharge electrodes. These
electrodes generate ions (corona discharge) that attach to the particles, giving
them an electrical charge (usually negative).

2. Collection of Charged Particles: The charged particles are then attracted to
and collected on grounded or oppositely charged collection plates.
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3. Removal of Collected Particles: The accumulated layer of particles on the
collection plates is periodically removed (e.g., by rapping or washing) and falls
into hoppers for disposal.

ESPs are highly efficient in removing fine particles and can handle large volumes of gas.
Let’s look at other options: (a) Flue Gas Desulfurization (FGD): Technologies
(like wet scrubbers, dry sorbent injection) used to remove gaseous sulfur dioxide

(SO2), not primarily particulate matter (though some PM might be incidentally
removed). (b) Selective Catalytic Reduction (SCR): A technology used to reduce
emissions of gaseous nitrogen oxides (NOx) by reacting them with ammonia or urea
over a catalyst. (d) Thermal Oxidizers: Used to control gaseous volatile organic

compounds (VOCs) and other combustible air pollutants by incinerating them at high
temperatures.
Therefore, Electrostatic Precipitators are the technology that fits the description.

Electrostatic Precipitators (ESP)

Quick Tip

• Electrostatic Precipitators (ESPs) use electrostatic forces to remove par-
ticulate matter from gas streams.

• Particles are electrically charged and then collected on oppositely charged
plates.

• FGD systems target SO2.

• SCR systems target NOx.

• Thermal oxidizers target VOCs and combustible gases.

115.

Which technology combusts volatile organic compounds (VOCs) at high

temperatures to convert them into carbon dioxide and water vapor?
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(a) Vapor Recovery Systems
(b) Electrostatic Precipitators (ESP)
(c) Thermal Oxidizers
(d) Fabric Filters

Correct Answer: (c)

Solution: The technology described, which uses high-temperature combustion to
convert VOCs into less harmful substances like CO2 and H2O, is known as Thermal

Oxidation or incineration.

• Thermal Oxidizers (option c): These are air pollution control devices that
destroy VOCs and other combustible hazardous air pollutants (HAPs) by heating
them to a sufficiently high temperature (typically 760°C to 870°C or higher) in
the presence of oxygen for an adequate residence time. This high-temperature
combustion process breaks down the organic molecules into carbon dioxide (CO2)
and water vapor (H2O). Sometimes catalysts are used to lower the required
combustion temperature (catalytic oxidizers). Regenerative Thermal Oxidizers
(RTOs) and Recuperative Thermal Oxidizers use heat recovery systems to
improve energy efficiency.

Let’s look at other options:

• Vapor Recovery Systems (option a): These systems are designed to capture
and recover valuable VOC vapors that might otherwise be emitted to the
atmosphere (e.g., from gasoline loading operations or storage tanks). Recovery
can be through methods like condensation, adsorption, or absorption. The goal is
recovery, not necessarily destruction by combustion (though recovered VOCs
might later be used as fuel or destroyed).

• Electrostatic Precipitators (ESP) (option b): Used to remove particulate
matter using electrostatic charges. Not for gaseous VOCs.

• Fabric Filters (Baghouses) (option d): Used to remove particulate matter
by filtration through fabric bags. Not for gaseous VOCs.
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Therefore, thermal oxidizers are the technology that fits the description of combusting
VOCs.

Thermal Oxidizers

Quick Tip

• Thermal Oxidizers (or incinerators) destroy VOCs and other combustible
gaseous pollutants by burning them at high temperatures.

• The combustion converts VOCs into CO2 and H2O.

• Catalytic oxidizers use a catalyst to achieve combustion at lower tempera-
tures.

• Vapor recovery systems aim to capture and reuse VOCs.

• ESPs and Fabric Filters are for particulate matter control.

116.

Which landform is typically created by the erosional action of rivers over

geological time scales?

(a) Moraine
(b) Delta
(c) Mesa
(d) Fjord

Correct Answer: (b)

Solution: Rivers are powerful agents of erosion, transportation, and deposition,
shaping various landforms over geological time.

• Erosional Landforms by Rivers: Include V-shaped valleys, canyons, gorges,
potholes, meanders (through lateral erosion), and peneplains (extensive flat
surfaces produced by long-term erosion).
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• Depositional Landforms by Rivers: Include alluvial fans, floodplains, levees,
point bars, and deltas.

Let’s analyze the options:

• Moraine (option a): A moraine is a landform created by the deposition of

glacial till (unsorted sediment) by a glacier. It is a glacial landform, not directly
a riverine erosional landform.

• Delta (option b): A delta is a depositional landform created at the mouth
of a river where it flows into an ocean, sea, lake, or another river, and loses
velocity, causing it to deposit the sediment it was carrying. While erosion
upstream provides the sediment for the delta, the delta itself is a feature of
deposition, not erosion at its location. However, the overall river system involves
erosion upstream that leads to delta formation. If the question implies a
landform that results from the overall system of river action (which includes
erosion), a delta is a prominent outcome.

• Mesa (option c): A mesa is an isolated, flat-topped hill or mountain with steep
sides, found in arid and semi-arid regions. It is formed by weathering and erosion
(often by wind and water, including intermittent streams) of horizontally layered
rocks, where a resistant caprock protects underlying softer layers. While rivers
can contribute to the dissection of plateaus to form mesas, it’s not solely a
riverine erosional landform in the same direct sense as a canyon.

• Fjord (option d): A fjord is a long, narrow, deep inlet of the sea between high
cliffs, formed by glacial erosion (a U-shaped valley carved by a glacier that was
later inundated by the sea).

The question asks for a landform "typically created by the erosional action of rivers."
Among the options, none are purely erosional in the strictest sense without any
depositional aspect or other influences. However, if we consider the broader cycle,
rivers erode mountains and landscapes upstream (creating valleys, canyons) and
transport that sediment to form depositional features like deltas downstream.
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The provided answer is (b) Delta. This choice suggests the question might be
interpreted as "Which landform is a consequence of the overall river system which
includes erosion?" Deltas are a direct result of sediment eroded and transported by
rivers. If the question strictly means "erosional feature at the site of erosion," then
something like a canyon or V-shaped valley would be more direct, but these are not
options. Given the choices, a delta represents the culmination of a river’s work, which
involves extensive erosion in its upper and middle courses to supply the sediment that
forms the delta. However, it’s important to note that a delta is fundamentally a
depositional landform. If the question meant "landform shaped by rivers where erosion
is the dominant process at that specific landform’s creation", then options like valleys
or canyons would be better (but are not provided).

Delta

Quick Tip

• Rivers cause erosion (e.g., V-shaped valleys, canyons), transport sediment,
and deposit sediment (e.g., floodplains, deltas).

• A delta is a depositional landform at the mouth of a river, formed from
sediment eroded and transported by the river from its drainage basin.

• Moraines are glacial deposits.

• Mesas are erosional remnants in arid regions, shaped by various erosional
agents.

• Fjords are glacially eroded valleys drowned by the sea.

• While a delta is depositional, its existence is a direct consequence of extensive
river erosion upstream.

117.

What distinguishes metamorphic rocks from igneous and sedimentary
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rocks?

(a) They are formed from the cooling of molten lava
(b) They are formed from the accumulation of sediments
(c) They are formed from the alteration of pre-existing rocks
(d) They are formed from the compression of organic remains

Correct Answer: (c)

Solution: The three main types of rocks are igneous, sedimentary, and metamorphic,
distinguished by their mode of formation:

• Igneous Rocks (related to option a): Formed from the cooling and
solidification of molten rock material (magma below the surface or lava on the
surface). Examples: Granite, Basalt.

• Sedimentary Rocks (related to option b): Formed from the accumulation,
compaction, and cementation (lithification) of sediments (e.g., rock fragments,
mineral grains, shells, organic remains). Examples: Sandstone, Shale, Limestone.
The compression of organic remains (option d) can lead to specific types of
sedimentary rocks like coal.

• Metamorphic Rocks (option c): Formed when pre-existing rocks (igneous,
sedimentary, or even other metamorphic rocks) are changed (metamorphosed) by
exposure to high temperatures, high pressures, chemically active fluids, or a
combination of these, without melting completely. This alteration changes the
rock’s mineralogy, texture, and sometimes chemical composition. Examples:
Marble (from limestone), Slate (from shale), Gneiss (from granite or other rocks).

Therefore, the distinguishing characteristic of metamorphic rocks is that they are
formed from the alteration (metamorphism) of pre-existing rocks. Option (a) describes
igneous rock formation. Option (b) describes sedimentary rock formation. Option (d)
describes the formation of specific organic sedimentary rocks (like coal).

They are formed from the alteration of pre-existing rocks
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Quick Tip

• Metamorphic rocks are "changed form" rocks.

• They originate from pre-existing rocks (igneous, sedimentary, or other
metamorphic rocks).

• The transformation occurs due to heat, pressure, and/or chemically active
fluids, without complete melting.

• This changes the rock’s mineralogy, texture, and chemical composition.

118.

Which type of satellite sensor captures data in various spectral bands,

including visible, infrared and microwave?

(a) Lidar sensor
(b) SAR sensor
(c) Multispectral sensor
(d) Hyperspectral sensor

Correct Answer: (c)

Solution: Satellite sensors are designed to capture electromagnetic radiation reflected
or emitted from the Earth’s surface across different parts of the electromagnetic
spectrum.

• Multispectral Sensor (option c): These sensors collect data in several
discrete, relatively broad spectral bands. These bands are typically located in the
visible, near-infrared (NIR), short-wave infrared (SWIR), and sometimes thermal
infrared (TIR) portions of the spectrum. They do not typically operate in the
microwave region. Examples: Landsat OLI, Sentinel-2 MSI, MODIS.

• Hyperspectral Sensor (option d): These sensors collect data in many (often
hundreds) of very narrow, contiguous spectral bands. This provides a much more
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detailed spectral signature of the target. They also typically operate in the
visible to infrared regions. Example: Hyperion.

• LiDAR (Light Detection and Ranging) sensor (option a): LiDAR is an
active sensor that uses laser pulses (often in the near-infrared or green part of the
spectrum) to measure distances and create 3D point clouds. It does not typically
cover visible, infrared, and microwave.

• SAR (Synthetic Aperture Radar) sensor (option b): SAR is an active

sensor that operates in the microwave region of the electromagnetic spectrum.
It transmits microwave pulses and records the backscattered signal. It does not
operate in the visible or infrared regions.

The question asks for a sensor that captures data in "visible, infrared and

microwave". No single sensor type listed typically covers all three of these broad
regions (Visible, Infrared, AND Microwave) simultaneously as its primary mode of
operation for imaging.

• Multispectral/Hyperspectral sensors cover Visible and Infrared.

• SAR sensors cover Microwave.

• LiDAR uses specific laser wavelengths (often NIR or Green).

There might be an error in the question or options, as these regions are usually
covered by different types of sensor technologies. However, if the question implies a
satellite platform might carry different sensors, that’s possible. But it asks for a "type
of satellite sensor."
Given the provided answer is (c) Multispectral sensor: This choice is correct for
capturing "visible and infrared" bands. The inclusion of "microwave" in the question
makes this problematic. If "microwave" was omitted, (c) would be clearly correct.
Perhaps the question is flawed. If we assume "microwave" is an error in the question
and it meant "visible and infrared", then multispectral is appropriate. If the question
is strict about including microwave, then none of the passive optical/infrared sensors
(multispectral, hyperspectral) fit. SAR is microwave only. LiDAR is laser-based.
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There isn’t a common single sensor type for imaging that spans visible, infrared, and
microwave. A satellite payload might have separate instruments.
Assuming the question intended to ask about sensors that collect data across a wide
range of the optical and infrared spectrum, then multispectral sensors are designed to
do this in several broad bands. If the provided answer (c) is indeed correct, it implies
either a misunderstanding in the question regarding "microwave" or a very broad
interpretation where some specialized (but not common) multispectral concept might
exist or the "and microwave" is ignored. For standard understanding, (c) fits "visible
and infrared".

Multispectral sensor

Quick Tip

• Multispectral sensors collect data in multiple (several to tens) discrete
spectral bands, typically in the visible, near-infrared (NIR), and short-wave
infrared (SWIR) regions. Some also have thermal infrared bands.

• Hyperspectral sensors collect data in many (hundreds) narrow, contiguous
bands, providing a detailed spectrum.

• SAR sensors operate in the microwave region.

• LiDAR uses laser pulses (often NIR or green).

• No single common sensor type routinely captures imagery across visible, in-
frared, AND microwave regions simultaneously. The question likely has an
error regarding "microwave" if "Multispectral sensor" is the intended answer
for visible/infrared.

119.

Which of the following is a basic principle of surveying?

(a) Satellite imagery analysis
(b) Data interpolation
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(c) Triangulation
(d) Spectral analysis

Correct Answer: (c)

Solution: Surveying is the science and art of determining the terrestrial or
three-dimensional positions of points and the distances and angles between them.
Several fundamental principles and techniques underpin surveying practices.

• Working from the whole to the part: This principle involves establishing a
network of control points with high accuracy covering the entire survey area first,
and then densifying this network with points of lower accuracy. This helps to
control the accumulation of errors.

• Independent Checks: All measurements should be subject to checks to detect
mistakes and errors.

• Consistency of Accuracy: The accuracy of measurements should be consistent
with the purpose of the survey.

• Methods of Locating Points: Points are typically located by measurements
from at least two known reference points. Common methods include:

– Triangulation (option c): A classic surveying technique where the area to
be surveyed is covered by a network of triangles. The angles of these
triangles are measured precisely, and the length of at least one side (the
baseline) is measured. Using trigonometry (sine rule), the lengths of the
other sides of the triangles, and thus the positions of the vertices, can be
calculated. This was historically a primary method for establishing
large-scale control networks.

– Traversing: A series of connected lines whose lengths and directions are
measured.

– Trilateration: Measuring only the lengths of the sides of a network of
triangles.
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– Offsets: Measuring distances perpendicular to a baseline to locate points.

– Radiation/Polar Coordinates: Measuring an angle and a distance from a
known point.

Option (c) Triangulation is a fundamental and historically significant
principle/technique in surveying for establishing control and determining positions.
Other options: (a) Satellite imagery analysis: A tool used in modern surveying and
remote sensing, but it’s an application of technology rather than a basic foundational
principle in the same way as triangulation. (b) Data interpolation: A mathematical
technique used to estimate values at unmeasured locations based on known values at
measured locations (e.g., creating contour lines). It’s a data processing step, not a
basic field surveying principle. (d) Spectral analysis: Relates to analyzing the spectral
properties of light or other radiation, primarily used in remote sensing and
spectroscopy, not a basic principle of traditional ground surveying for position
determination.

Triangulation

Quick Tip

• Basic principles of surveying guide how measurements are made and control
is established.

• Triangulation is a fundamental method where a network of triangles is
used. Angles are measured, and a baseline length allows calculation of other
lengths and positions.

• Other key principles/methods include working from whole to part, traversing,
and trilateration.

• Satellite imagery analysis, data interpolation, and spectral analysis are tools
or data processing techniques, not foundational surveying principles for po-
sition fixing in the classical sense.
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120.

What is the process of measuring water discharge in rivers and streams?

(a) Rain gauging
(b) Infiltration measurement
(c) Stream gauging
(d) Transpiration monitoring

Correct Answer: (c)

Solution: The process of measuring the volume of water flowing past a specific point
in a river or stream per unit of time (i.e., discharge or flow rate) is known as stream

gauging or streamflow measurement. Stream gauging involves various techniques:

• Direct methods:

– Velocity-area method: Measuring the average flow velocity and the
cross-sectional area of flow. Discharge (Q) = Area (A) × Velocity (V).
Velocity can be measured using current meters, ADCPs (Acoustic Doppler
Current Profilers).

– Volumetric gauging: Directly measuring the volume of water collected over a
period (for very small streams).

– Dilution gauging: Introducing a tracer and measuring its dilution
downstream.

• Indirect methods:

– Using hydraulic structures like weirs or flumes where discharge is related to
water level through a known formula.

– Using stage-discharge relationships (rating curves) where continuous
measurement of water level (stage) is used to estimate discharge.

Option (c) Stream gauging is the correct term for this process.
Other options: (a) Rain gauging: The process of measuring the amount of rainfall
using rain gauges. (b) Infiltration measurement: The process of measuring the rate at
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which water enters the soil, using instruments like infiltrometers. (d) Transpiration
monitoring: The process of measuring the amount of water vapor released from plant
leaves into the atmosphere, often done using lysimeters or sap flow sensors.

Stream gauging

Quick Tip

• Stream gauging (or streamflow measurement) is the process of quantifying
the discharge (flow rate) of water in rivers and streams.

• Common methods include the velocity-area method, dilution gauging, and
use of weirs/flumes or rating curves.

• Rain gauging measures rainfall.

• Infiltration measurement measures water entry into soil.

• Transpiration monitoring measures water release from plants.
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